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Abstract

Approximate-message passing (AMP) algorithms have become an important element of high-
dimensional statistical inference, mostly due to their adaptability and concentration properties,
the state evolution (SE) equations. This is demonstrated by the growing number of new itera-
tions proposed for increasingly complex problems, ranging from multi-layer inference to low-rank
matrix estimation with elaborate priors. In this paper, we address the following questions: is
there a structure underlying all AMP iterations that unifies them in a common framework ? Can
we use such a structure to give a modular proof of state evolution equations, adaptable to new
AMP iterations without reproducing each time the full argument ? We propose an answer to
both questions, showing that AMP instances can be generically indexed by an oriented graph.
This enables to give a unified interpretation of these iterations, independent from the problem
they solve, and a way of composing them arbitrarily. We then show that all AMP iterations
indexed by such a graph admit rigorous SE equations, extending the reach of previous proofs,
and proving a number of recent heuristic derivations of those equations. Our proof naturally
includes non-separable functions and we show how existing refinements, such as spatial coupling
or matrix-valued variables, can be combined with our framework.
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1 Introduction

Approximate Message Passing (AMP) algorithms are iterative equations solving inference problems
involving high-dimensional random variables with random interactions [DMM09, ZK16]. For the
typical case in which AMP iterations were initially studied, the interactions involve an i.i.d. Gaus-
sian matrix. These algorithms are inspired from Bolthausen’s iterative solution of the celebrated
Thouless-Anderson-Palmer (TAP) equations of spin glass theory [MPV87, Bol14, Bol19]. However,
they are usually derived as heuristic relaxations of the belief propagation equations [Pea14] on dense
factor graphs in a manner often encountered in the context of statistical physics of disordered sys-
tems. A central property of AMP iterations is that the distribution of their outputs can be tracked
rigorously in the high-dimensional limit by low-dimensional equations called state evolution (SE).
This property can be seen as similar to the concept of density evolution from coding theory [RU08],
but in the case of dense factor graphs.

In recent years, the growing interest in high-dimensional inference and learning problems has
motivated the introduction of approximate-message passing algorithms as solutions to many in-
ference problems, and as analytical tools—thanks to the SE equations—to study the statistical
properties of learned estimators, notably starting with the LASSO [BM11a, KMS+12, DMM09]. A
number of extensions were then proposed for inference problems of growing complexity: generalized
linear modelling and robust m-estimators [Ran11, DM16, ZK16], low-rank matrix reconstruction
[RF12, LKZ17], principal component analysis (PCA) [DM14, LKZ15], inference in deep multilayer
networks with random weights [MKMZ17], matrix-valued inference problems [AMB+19] or matrix
recovery under generative priors [ALM+20], among others. Interestingly, AMP algorithms can be
composed with one another to solve inference problems obtained by combining factor graphs, as
demonstrated in [ALM+20], where each part of the factor graph represents an elaborate prior and
inference process. This demonstrates the adaptability of such iterations, even more so as the state
evolution equations are shown to hold, often heuristically, for these composite structures.

Contributions. As the diversity of inference problems and AMP iterations increases, it is im-
portant to identify a common structure underlying the known AMP algorithms. Such a partial
unification was done in [JM13, BMN20]: symmetric and asymmetric AMP iterations are treated in
a common framework. However, these results do not apply to the more recent AMP iterations de-
signed for more complex problems presenting multilayered structures or ones obtained by combining
factor graphs.
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In this paper, our first contribution is to show how AMP algorithms are naturally indexed
by a graph that determines its form. Seeing AMP algorithms as supported by this graph helps
understanding the iterations, especially the multi-layer ones, in a unified way. In this regard, we
hope that our framework will be used as a tool to generate new AMP iterations. Roughly speaking,
the graph underlying the AMP iteration represents the interaction of the high-dimensional variables
of the associated inference problem. However, this graph is not the factor graph representing the
inference problem that sometimes appears in the derivation of AMP equations, see [KMS+12] for
example. The factor graph is microscopic, in the sense that it disappears when taking the dense limit
leading to the AMP equations. On the contrary, the graph that we consider here is macroscopic:
it structures the AMP iteration itself. It is insensitive to the underlying inference problem that
has generated the AMP equation; for instance, it can be used in both Bayes optimal or non-Bayes
optimal scenarios.

The second contribution of this paper is to use the graph framework to show that all graph-
based AMP iterations admit a rigorous SE description. This generalizes the previous works of
[BM11a, JM13, BMN20] on SE to more complex iterations. Using our result, writing and proving
the state evolution equations is reduced to the identification of a specific structure in the AMP
iteration, instead of heuristically deriving or reproducing the rigorous proof entirely for problems
of increasing complexity. In particular, it gives a theoretical grounding for the analysis of AMP on
recent multi-layer structures [MKMZ17, AMB+19, ALM+20]. Related to [MKMZ17], this paper
proves that AMP algorithms are a rigorously grounded approach to understanding multi-layer neural
networks, albeit only when the weights are random and when we perform inference with an AMP
algorithm. Still, in a context where theory struggles to explain the behavior of multi-layered neural
networks, it is interesting to see that this particular case can be rigorously studied, even for deep
architectures.

We illustrate the flexibility of our framework by applying it to diverse inference problems men-
tioned above, notably multilayer generalized linear estimation problems and low-rank matrix recov-
ery with deep generative priors. We also show how our results can be extended to handle matrix-
valued variables and combined with the spatial coupling framework introduced in [KMS+12, JM13].

Related work. There is a rich literature of proofs of state evolution equations, notably starting
with Bolthausen’s iterative scheme [Bol14, Bol19] based on Gaussian conditioning. The technique
was then adapted and extended to the case of a more generic AMP iteration related to the LASSO
problem in [BM11a], where it is mentioned that Gaussian conditioning methods also appear in
[Don06] to tackle fundamental random convex geometry problems. The analysis was then extended
to matrix-valued variables with block-separable non-linearities in [JM13] and for vector-valued vari-
ables with non-separable non-linearities in [BMN20], which also show that symmetric AMP and
asymmetric AMP can be treated in the same framework. Our proof is partly based on the same
iterative Gaussian conditioning method but is additionally combined with an embedding specific to
the graph framework. To the best of our knowledge, the latter part of the proof is novel.

Another line of work—called VAMP (vector approximate message passing) algorithms—handles
rotationnally invariant matrices [RSF19] with generic spectrum. This family of VAMP iterations is
obtained using a Gaussian parametrization of expectation propagation [Min13, OWJ05], a variational
inference algorithm based on iterative moment-matching between a chosen form of probability
distribution (e.g., Gaussian nodes on a factor graph) and a target distribution observed through
empirical data. These iterations also verify SE equations proven with a similar conditioning method
[Tak17, RSF19], handling a different kind of randomness than i.i.d. Gaussian matrices. The SE
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proof for VAMP iterations was then extended to multilayer inference problems and their matrix-
valued counterparts in [FRS18, PSAR+20]. In these works, the conditioning method is applied in a
sequential manner to each layer of the problem, making it specific to multilayer inference problems.
On the contrary, our proof method is not restricted to sequential multilayer estimation as mentioned
in the contributions, and does not rely on iterating through the graph. However, our proof does not
apply to all rotationnally invariant matrices. We handle mostly Gaussian or GOE matrices, with
extensions to correlated Gaussian matrices, products of Gaussian matrices and spatially coupled
Gaussian matrices. This is discussed in greater detail in Sections 3 and 4.

Outline of the paper. The paper is organised as follows: we start by presenting the indexation
of AMP iterations by an oriented graph in Section 2. Several conceptual examples are provided.
We present the state evolution equations on any graph-supported AMP iteration in Section 3, along
with its proof, which constitutes the main technical contribution of this paper. We then move to
applications to inference problems in Section 4 and conclude on related open problems in Section 5.
All proofs of auxiliary results are deferred to the Appendix.

Notations. We adopt similar notations to those of [BMN20]. Differences are mainly due to the
matrix variables framework.

We denote scalars with lowercase letters, vectors with bold lowercase letters and matrices with
bold uppercase ones. Inner products are denoted by brackets 〈., .〉, and the canonical inner products
are chosen for vectors and matrices, i.e., 〈x,y〉 = x⊤y, 〈X,Y〉 = Tr

(
X⊤Y

)
. The associated norms

are respectively denoted ‖.‖2 and ‖.‖F for the Frobenius norm.

For two random variables X and Y , and a σ-algebra S, we use X|S d
= Y to mean that for any

integrable function φ and any S-measurable bounded random variable Z, E [φ(X)Z] = E [φ(Y )Z].

For two sequences of random variables Xn, Yn, we write Xn
P≃ Yn when their difference converges

in probability to 0, i.e., Xn − Yn
P−→ 0.

We use IN to denote the N ×N identity matrix, and 0N×N the N ×N matrix with zero entries.
We use σmin(Q) and σmax(Q) = ‖Q‖op to denote the minimum and maximum singular values of
a given matrix Q. For two matrices Q and P with the same number of rows, we denote their
horizontal concatenation with [P|Q]. The orthogonal projector onto the range of a given matrix M
is denoted PM, and let P⊥M = I−PM.

Let S+q denote the space of positive semi-definite matrices of size q× q. For any matrix κ ∈ S+q
and a random matrix Z ∈ R

N×q we write Z ∼ N(0,κ ⊗ IN) if Z is a matrix with jointly Gaussian
entries such that for any 1 6 i, j 6 q, E[Zi(Zj)⊤] = κi,jIN , where Zi,Zj denote the i-th and j-th
columns of Z. The i-th line of the matrix Z is denoted Zi.

If f : RN×q → R
N×q is an function and i ∈ {1, . . . N}, we write fi : R

N×q → R
q the component

of f generating the i-th line of its image, i.e., if X ∈ R
N×q,

f(X) =






f1(X)
...

fN (X)




 ∈ R

N×q .

We write ∂fi
∂Xi

the q × q Jacobian containing the derivatives of fi with respect to (w.r.t.) the i-th
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line Xi ∈ R
q:

∂fi
∂Xi

=







∂(fi(X))1
∂Xi1

. . . ∂(fi(X))1
∂Xiq

...
...

∂(fi(X))q
∂Xi1

. . .
∂(fi(X))q

∂Xiq






∈ R

q×q . (1)

2 Graph-based AMP iterations

We start by defining the class of graphs indexing AMP iterations.

Definition 1 (graph notions). A finite directed graph—also simply called graph in the following—

is a pair G = (V,
−→
E ) where V is a finite set, called the vertex set, and

−→
E is a subset of V × V ,

called the edge set. This definition of graphs uses directed edges and allows loops.

A graph G = (V,
−→
E ) is said to be symmetric if for all v,w ∈ −→E , (v,w) ∈ −→E if and only if

(w, v) ∈ −→E .
The degree deg v of a node v ∈ V is the number of edges of which it is the end-node. In

symmetric graphs, it is also the number of edges of which v is the starting-node.

Graph notations. Given a symmetric graph G = (V,
−→
E ), the following notations are useful. We

sometimes write v → w to mean that −→e = (v,w) is an edge of the graph. We say that v is the

starting-node of −→e and w the end-node of −→e . We denote ←−e = (w, v) ∈ −→E the symmetric edge
of −→e . If −→e is a loop, then ←−e = −→e . We write −→e → −→e ′ as a shorthand to say that the end-node of
−→e ∈ −→E is the starting-node of −→e ′ ∈ −→E . Note that for any −→e ∈ −→E , ←−e → −→e .

Iteration. We now fix a symmetric finite directed graph G = (V,
−→
E ). We associate an AMP

iteration supported by the graph G as follows.

• The variables xt−→e of the AMP iteration are indexed by the iteration number t ∈ N and the

oriented edges of the graph −→e ∈ −→E .

v w

−→e
xt−→e ∈ R

nw

←−e
xt←−e ∈ R

nv

• All variables associated to edges −→e = (v,w) with end-node w ∈ V have a same dimension
nw ∈ N>0, i.e., x

t−→e ∈ R
nw . We define N =

∑

(v,w)∈−→E nw the sum of the dimensions of all

variables.

• Matrices of the AMP iteration are also indexed by the edges of the graph. If −→e = (v,w) ∈ −→E ,
A−→e ∈ R

nw×nv . These matrices must satisfy the symmetry condition A(v,w) = A⊤(w,v). In

particular, this implies that matrices A(v,v) ∈ R
nv×nv associated to loops (v, v) ∈ −→E must be

symmetric.
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v w

A−→e
−→e

A←−e = A⊤−→e

←−e

• Non-linearities of the AMP iteration are also indexed by the edges of the graph (and possibly

by the iteration number t). If t > 0 and −→e = (v,w) ∈ −→E , f t
(v,w)

((
xt−→e ′

)

−→e ′:−→e ′→−→e

)

is a function

of all the variables of the edges whose end-node is the starting-node v of −→e , as denoted by
the condition −→e ′ → −→e . It is a function from (Rnv)deg v to R

nv .

v w

−→e
f t−→e

←−e
xt←−e

−→e ′

xt−→e ′

Once these parameters (A−→e )−→e ∈−→E and
(
f t−→e
)

t>0,−→e ∈−→E are given, we can choose an arbitrary initial

condition x0−→e ∈ R
nw for all oriented edges −→e ∈ −→E of the graph. We define recursively the AMP

iterates
(
xt−→e
)

t>0,−→e ∈−→E , by the iteration: for all t > 0,−→e ∈ −→E ,

xt+1−→e = A−→e m
t−→e − bt−→e m

t−1←−e , (2)

mt−→e = f t−→e
((
xt−→e ′

)

−→e ′:−→e ′→−→e
)
, (3)

where bt−→e is the so-called Onsager term

bt−→e =
1

N
Tr

∂f t−→e
∂x←−e

((
xt−→e ′

)

−→e ′:−→e ′→−→e
)

∈ R . (4)

The above partial derivative makes sense as←−e → −→e , thus x←−e is a variable of f t−→e . Note that in (2),

the Onsager term multiplies the vector mt−1←−e indexed by the symmetric edge ←−e of −→e .

Let us derive some simple particular cases of this framework, first to recover the classical asym-
metric and symmetric AMP iterations, and second to cover multi-layer AMP iterations.

Asymmetric AMP. The asymmetric AMP iteration appeared first in the literature to solve
the compressed sensing problem [DMM09] and then more generally to tackle generalized linear
estimation, see, e.g., [Ran11, SR14, DM16]. It corresponds to a simple underlying graph composed
of two nodes and two symmetric directed edges between them.
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v w

f t−→e
A−→e
−→e

xt−→e

f t←−e
A⊤−→e

←−e
xt←−e

In this case, the graph AMP equations (2)-(3) give

xt+1−→e = A−→e m
t−→e − bt−→e m

t−1←−e ,

mt−→e = f t−→e
(
xt←−e
)
,

xt+1←−e = A⊤−→e m
t←−e − bt←−e m

t−1−→e ,

mt←−e = f t←−e
(
xt−→e
)
.

(5)

The corresponding state evolution (SE) property was proved in [BM11a] for the separable case and
in [BMN20] in the non-separable case. Note that the time indices proposed here are different from
the ones appearing in these works. The time index convention adopted here generalizes better to
more elaborate graphs. We show how to recover the usual time indices in Appendix A.

Symmetric AMP. The symmetric AMP iteration is central to our discussion as we show that all
graph AMP iterations can be reduced to this case (with matrix-valued iterates, as detailed below).
It is already known that the asymmetric case can be reduced to this case [JM13]. The symmetric
AMP iteration appears, e.g., when solving the low-rank matrix recovery problem [RF12, DM14],
or community detection in graphs [DAM17]. It corresponds to the degenerate graph with only one
node and one loop.

v

f t−→e

A−→e −→e

xt−→e

Recall that ←−e = −→e as −→e is a loop. In this case, the graph AMP equations (2)-(3) give

xt+1−→e = A−→e m
t−→e − bt−→e m

t−1−→e ,

mt−→e = f t−→e
(
xt−→e
)
,

(6)

Here, as there is a single edge −→e , the indexes are superfluous and could be dropped. For these
equations, the SE property was proved in [JM13] for the separable case and in [BMN20] in the
non-separable case. Note that the results of [JM13] allow matrix-valued variables.

Multi-layer AMP. The multi-layer AMP iteration appears when considering inference problems
through a multi-layer random neural network, see [MKMZ17]. They correspond to a line graph
whose length l is the number of layers.
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v0 v1 v2 · · · vl

f t−→e1
A−→e1
−→e1

xt−→e1

f t←−e1A⊤−→e1

←−e1
xt←−e1

f t−→e2
A−→e2
−→e2

xt−→e2

f t←−e2A⊤−→e2

←−e2
xt←−e2

In this case, the graph AMP equations (2)-(3) give

xt+1−→e1 = A−→e1m
t−→e1 − bt−→e1m

t−1←−e1 ,

mt−→e1 = f t−→e 1

(

xt←−e1

)

,

xt+1←−e1 = A⊤−→e1m
t←−e1 − bt←−e1m

t−1−→e1 ,

mt←−e1 = f t←−e1

(

xt−→e1 ,x
t←−e2

)

,

xt+1−→e2 = A−→e2m
t−→e2 − bt−→e2m

t−1←−e2 ,

mt−→e2 = f t−→e 2

(

xt−→e1 ,x
t←−e2

)

,

xt+1←−e2 = A⊤−→e2m
t←−e2 − bt←−e2m

t−1−→e2 ,

mt←−e2 = f t←−e2

(

xt−→e2 ,x
t←−e3

)

,

...

(7)

Note that the non-linearities now take several variables as inputs when there are several incoming
edges at a node.

Spiked matrix model under generative multi-layer priors. Of course, the structures de-
scribed above can be combined to tackle new AMP iterations. For instance, the paper [AMB+19]
studies the recovery of noisy symmetric rank-1 matrix when the spike comes from a known multi-
layer generative prior. The associated AMP iteration corresponds to the following graph, where the
loop corresponds to the spike recovery and the other edges correspond to multi-layer prior on the
spike.

v0 v1 v2 · · · vl

f t−→e0

A−→e0
−→e0

xt−→e0
f t−→e1

A−→e1
−→e1

xt−→e1

f t←−e1A⊤−→e1

←−e1
xt←−e1

f t−→e2
A−→e2
−→e2

xt−→e2

f t←−e2A⊤−→e2

←−e2
xt←−e2
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In this case, the graph AMP equations (2)-(3) give

xt+1−→e0 = A−→e0m
t−→e0 − bt−→e0m

t−1−→e0 ,

mt−→e0 = f t−→e0

(

xt−→e0 ,x
t←−e1

)

,

xt+1−→e1 = A−→e1m
t−→e1 − bt−→e1m

t−1←−e1 ,

mt−→e1 = f t−→e 1

(

xt−→e0 ,x
t←−e1

)

,

xt+1←−e1 = A⊤−→e1m
t←−e1 − bt←−e1m

t−1−→e1 ,

mt←−e1 = f t←−e1

(

xt−→e1 ,x
t←−e2

)

,

...

(8)

3 State evolution for graph-based AMP iterations

In this section, we start by presenting the most straightforward form of our result, and show
afterwards how several refinements can be added.

3.1 Main theorem

AMP algorithms admit a state evolution description under two major assumptions: that the interac-
tions matrices A−→e are sufficiently random—in our case Gaussian or GOE—and that the dimensions
n = (nv)v∈V of all the variables converge to infinity with fixed ratios.

Assumptions. We make the following assumptions:

(A1) The matrices (A−→e )−→e ∈−→E are random and independent, up to the symmetry condition A←−e =

A⊤−→e . Moreover, if (v,w) ∈ −→E is not a loop in G, i.e., v 6= w, then A(v,w) has independent

centered Gaussian entries with variance 1/N . If (v, v) ∈ −→E is a loop in G, then A(v,v) has

independent entries (up to the symmetry A(v,v) = A⊤(v,v)), centered Gaussian with variance

2/N on the diagonal and variance 1/N off the diagonal.

(A2) For all v ∈ V , nv →∞ and nv/N converges to a well-defined limit δv ∈ [0, 1]. We denote by
n→∞ the limit under this scaling.

(A3) For all t ∈ N and −→e ∈ −→E , the non-linearity f t−→e is pseudo-Lipschitz of finite order, uniformly
with respect to the problem dimensions n = (nv)v∈V (see Definition 4 in Appendix D).

(A4) For all −→e ∈ E, ‖x0−→e ‖2/
√
N converges to a finite constant as n→∞.

(A5) For all −→e ∈ E, the following limit exists and is finite:

lim
n→∞

1

N

〈
f0−→e
((
x0−→e ′

)

−→e ′:−→e ′→−→e
)
, f0−→e

((
x0−→e ′

)

−→e ′:−→e ′→−→e
)〉

9



(A6) Let (κ−→e )−→e ∈E be an array of bounded non-negative reals and Z−→e ∼ N(0, κ−→e Inw) independent
random variables for all −→e . For all −→e ∈ E, for any t ∈ N>0, the following limit exists and is
finite:

lim
n→∞

1

N
E
[〈
f0−→e
((
x0−→e ′

)

−→e ′:−→e ′→−→e
)
, f t−→e

((
Zt−→e ′

)

−→e ′:−→e ′→−→e
)〉]

.

(A7) Consider any array of 2× 2 positive definite matrices (S−→e )−→e ∈E and the collection of random
variables (Z−→e ,Z

′

−→e ) ∼ N(0,S−→e ⊗ Inw)) defined independently for each edge −→e . Then for any
−→e ∈ E and s, t > 0, the following limit exists and is finite:

lim
n→∞

1

N
E

[〈

f s−→e
((
Zs−→e ′

)

−→e ′:−→e ′→−→e
)
, f t−→e

((

Z̃t−→e ′
)

−→e ′:−→e ′→−→e

)〉]

.

Remark on the assumptions. In the literature, the random matrices A(v,w) of AMP iterations
are often scaled with variances 1/nw. To recover the desired scaling, it is sufficient to rescale the
non-linearity on which a given matrix acts with the corresponding aspect ratio δw.

Definition 2 (State evolution iterates). The state evolution iterates are composed of one infinite-

dimensional array (κs,r
−→e )r,s>0 of real values for each edge −→e ∈ −→E . These arrays are generated as

follows. Define the first state evolution iterates

κ
1,1
−→e = lim

n→∞
1

N

∥
∥f0−→e

((
x0−→e ′

)

−→e ′:−→e ′→−→e
)∥
∥
2

2
, −→e ∈ −→E .

Recursively, once (κs,r
−→e )

s,r6t,−→e ∈−→E are defined for some t > 1, define independently for each −→e ∈
−→
E , Z0−→e = x0−→e and (Z1−→e , . . . ,Z

t−→e ) a centered Gaussian random vector of covariance (κr,s
−→e )r,s6t⊗ Inw .

We then define new state evolution iterates

κ
t+1,s+1
−→e = κ

s+1,t+1
−→e = lim

n→∞
1

N
E
[〈
f s−→e
((
Zs−→e ′

)

−→e ′:−→e ′→−→e
)
, f t−→e

((
Zt−→e ′

)

−→e ′:−→e ′→−→e
)〉]

for all s ∈ {1, . . . , t} ,−→e ∈ −→E .

Theorem 1. Assume (A1)-(A7). Define, as above, independently for each −→e = (v,w) ∈ −→E ,
Z0−→e = x0−→e and (Z1−→e , . . . ,Z

t−→e ) a centered Gaussian random vector of covariance (κr,s
−→e )r,s6t ⊗ Inw .

Then for any sequence of uniformly (in n) pseudo-Lipschitz function Φ : R(t+1)N → R,

Φ
((

xs−→e
)

06s6t,−→e ∈−→E

)
P≃ E

[

Φ
((

Zs−→e
)

06s6t,−→e ∈−→E

)]

3.2 Reduction of graph-based AMP iterations to the matrix-valued, non-separable

symmetric case

The core strategy in the proof of Theorem 1 is to reduce the graph AMP iteration (2)-(4) into a
symmetric AMP iteration with matrix-valued iteration, i.e., an iteration of the form

Xt+1 = AMt −Mt−1(bt)⊤ ∈ R
N×q , (9)

Mt = f t(Xt) ∈ R
N×q , (10)

bt =
1

N

N∑

i=1

∂f t
i

∂Xi
(Xt) ∈ R

q×q . (11)

10



Here, A is a N×N GOE matrix, the iterates Xt,Mt are N×q matrices, and f t : RN×q → R
N×q are

non-separable non-linearities. A rigorous SE description for this iteration is established in Appendix
B; it is an extension of the results of [JM13, BMN20].

In this section, we show that the graph AMP iteration (2)-(4) can be formulated as a symmetric
AMP iteration (9)-(11) with matrix iterates. In Appendix B.2, this reduction is used to show that
Theorem 1 follows from its equivalent on symmetric iterations.

Let q = |−→E |, −→e 1, . . . ,
−→e l be the loops of G and −→e l+1,

←−e l+1, . . . ,
−→e m,←−e m be the other edges of

the graph. Define

X0 =



















x0−→e 1

. . . ∗
x0−→e l

x0−→e l+1

x0←−e l+1

. . .

∗ x0−→e m

x0←−e m



















∈ R
N×q .

where ∗ denotes entries whose values do not matter for what follows. Let A be a N × N GOE
matrix such that

A =

















A−→e 1

. . . ∗
A−→e l

∗ A−→e l+1

A←−e l+1
∗

. . .

∗ ∗ A−→e m

A←−e m
∗

















.

Finally, define the non-linearities ft : R
N×q → R

N×q as

11



f t

















x−→e 1

. . . ∗
x−→e l

x−→e l+1

x←−e l+1

. . .

∗ x−→e m

x←−e m

















(12)

=



















f t−→e 1

(
(x−→e )−→e :−→e→−→e 1

)

. . . 0
f t−→e l

(. . . )

0 f t←−e l+1
(. . . )

f t−→e l+1
(. . . ) 0

. . .

0 0 f t←−e m
(. . . )

f t−→e m
(. . . ) 0



















Lemma 1. Define X0, A and f t as above. Then the iterates Xt of the symmetric AMP iteration
(9)-(11) are of the form

X =



















xt−→e 1

. . . ∗
xt−→e l

xt−→e l+1

xt←−e l+1

. . .

∗ xt−→e m

xt←−e m



















∈ R
N×q ,

where xt−→e denote the iterates of the graph-AMP iteration (2)-(4).

Proof. We proceed by induction. Assume that Xt and Xt−1 are indeed of this form and we show
the claim for Xt+1. We use equations (9)-(11) to compute Xt+1; we start by computing the Onsager

12



term bt =
1
N

∑N
i=1

∂f t
i

∂Xi
(Xt) ∈ R

q×q. From the formula for f t, we compute

bt =
1

N



















Tr
∂f t
−→e 1

∂x−→e 1

(. . . )

. . . 0

Tr
∂f t
−→e l

∂x−→e l

(. . . )

0 Tr
∂f t
−→e l+1

∂x←−e l+1

(. . . )

0 Tr
∂f t
←−e l+1

∂x−→e l+1

(. . . ) 0

. . .



















=














bt−→e 1

. . . 0
bt−→e l

0 bt−→e l+1

0 bt←−e l+1
0

. . .














.

Then we can now compute

Xt+1 = AMt −Mt−1b⊤t .

First,

AM =













A−→e 1

. . .

A−→e l

∗ A−→e l+1

A←−e l+1
∗

. . .


























f t−→e 1
(.)

. . .

f t−→e l
(.)

0 f t←−e l+1
(.)

f t−→e l+1
(.) 0

. . .














=















A−→e 1
f t−→e 1

((
xt−→e
)

−→e :−→e→−→e1

)

. . . ∗
A−→e l

f t−→e l
(.)

A−→e l+1
f t−→e l+1

(.)

∗ A←−e l+1
f t←−e l+1

(.)

. . .















.
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Second,

Mt−1bt =














f t−1−→e 1
(.)

. . .

f t−1−→e l
(.)

0 f t−1←−e l+1
(.)

f t−1−→e l+1
(.) 0

. . .



























bt−→e 1

. . .

bt−→e l

0 bt←−e l+1

bt−→e l+1
0

. . .














=















bt−→e 1
f t−1−→e 1

((
xt−→e
)

−→e :−→e→−→e1

)

. . . 0

bt−→e l
f t−1−→e l

(.)

bt−→e l+1
f t−1←−e l+1

(.)

0 bt←−e l+1
f t−1−→e l+1

(.)

. . .















.

Thus, combining the above equations, we obtain

Xt+1 = AM−Mt−1b⊤t

=












A−→e 1
f t−→e 1

(.)− bt−→e 1
f t−1−→e 1

(.)
. . . ∗

A−→e l
f t−→e l

(.)− bt−→e l
f t−1−→e l

(.)

A−→e l+1
f t−→e l+1

(.)− bt−→e l+1
f t−1←−e l+1

(.)

. . .












=












xt+1−→e 1

. . . ∗
xt+1−→e l

∗ xt+1−→e l+1

. . .












.

This proves the induction.

3.3 Useful extensions

Here we present several refinements of Theorem 1 that can be obtained in a straightforward fashion
and appear often in statistical inference problems.

Matrix-valued variables. The variables x−→e ,m−→e initially defined as vectors can be extended
to matrices with a finite number of columns, and the non-linearities f t−→e are then matrix-valued
functions of matrix-valued variables.

• nv ∈ N>0 is now the number of lines of the variables coming in node v ∈ V . The definition
N =

∑

(v,w)∈−→E nw remains the same.
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• Let q−→e ∈ N>0 be the number of columns of xt−→e . We assume that, for all −→e ∈ E, q−→e = q←−e ,
and the q−→e remain constant, independently of n→∞.

• The initial condition becomes x0
(v,w) ∈ R

nw×q(v,w) , for all edges −→e = (v,w).

• Non-linearities ft indexed by the edge −→e = (v,w) ∈ −→E , f t
(v,w)(x

t−→e ′ ,
−→e ′ → −→e ) are now functions

from ×−→e ′→−→e Rnv×q−→e ′ to R
nv×q(v,w) .

The AMP iterates are then recursively defined with:

xt+1−→e = A−→e m
t−→e −mt−1←−e (bt−→e )

⊤ ∈ R
nw×q−→e , (13)

mt−→e = f t−→e
((
xt−→e ′

)

−→e ′:−→e ′→−→e
)
, (14)

where each Onsager term is now a matrix given by:

bt−→e =
1

N

nv∑

i=1

∂f t−→e ,i

∂x←−e ,i

((
xt−→e ′

)

−→e ′:−→e ′→−→e
)

∈ R
q−→e ×q−→e .

where we used the notation from Eq.(1). The state evolution equations then read

κ
1,1
−→e = lim

n→∞
1

N
f0−→e (x

0−→e ′ ,
−→e ′ → −→e )⊤f0−→e (x

0−→e ′ ,
−→e ′ → −→e ) ∈ R

q−→e ×q−→e , −→e ∈ −→E .

κ
t+1,s+1
−→e = κ

s+1,t+1
−→e = lim

n→∞
1

N
E

[

f s−→e (Z
s−→e ′ ,
−→e ′ → −→e )⊤f t−→e (Z

t−→e ′ ,
−→e ′ → −→e )

]

∈ R
q−→e ×q−→e

for all 1 6 s 6 t ,−→e ∈ −→E .

where the Gaussian fields generalize straightforwardly to Zt−→e ∼ N(0,κt,t
−→e ⊗ Inw) ∈ R

nw×q−→e for each
edge. Using these generalized definitions, the above statement of Theorem 1 and its proof can be
adapted easily. We give examples throughout Section 4.

Additional random variables in the non-linearities. Many inference problems are formu-
lated with a “planted” signal, i.e., a ground truth signal parametrizing the function the statistician
tries to reconstruct, sometimes called teacher in statistical physics. This often leads to the de-
pendence of certain non-linearities on additional random variables. As long as they appropriately
concentrate and are independent on the rest of the problem, they can be treated in straightforward
fashion with an additional average in the SE equations as done in [JM13], where the summability
is reduced to second-order moments conditions due to the separability of the update functions. As
we will see in Section 4, it is not always straightforward to isolate the independent contribution in
the teacher which is often generated using the matrices found in the AMP algorithm, effectively
introducing a correlation between the matrices and non-linearities. The state evolution iterates
then become

κ
t+1,s+1
−→e = κ

s+1,t+1
−→e = lim

N→∞
1

N
E
[〈
f s−→e
((
Zs−→e ′

)

−→e ′:−→e ′→−→e ,y−→e
)
, f t−→e

((
Zt−→e ′

)

−→e ′:−→e ′→−→e ,y−→e
)〉]

for all 1 6 s 6 t ,−→e ∈ −→E .

where the average is now over the Gaussian fields and additional y−→e . Examples are given throughout
Section 4 and Appendix E.
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Structured and correlated matrices. Products of Gaussian matrices can be considered by
choosing identities as non-linearities on given edges of the graph. This was done heuristically in
[MKMZ17] to study structured inference problems. Gaussian matrices with generic covariances
can also be considered, i.e., A = ZΣ1/2 where Z is an i.i.d. N(0, 1d) matrix and Σ ∈ R

d×d is a
positive definite matrix. Indeed, the covariance matrix can be absorbed in the non-linearity as a
non-separable component. Depending on the non-linearity, expressions may simplify as functions
of the spectral distribution of Σ. Examples are given in Section 4.5.

Spatial coupling. Spatial coupling was introduced and studied in [KMS+12, KMS+12, JM13,
DJM13] as a mean to reach information theoretic limits in compressed sensing. The idea is to write
the state evolution equations when the random matrices have a block structure of the form

A =








A11 A12 . . . A1l

A21 A22 . . . A2l
...

...
. . .

...
Ak1 Ak2 . . . Akl







∈ R

N×d ,

each Aij ∈ R
Ni×dj has i.i.d. N(0,

σij

d ) entries and Ni/N, dj/d are constant aspect ratios, where
∑

iNi = N and
∑

j dj = d. The proof of SE equations with this kind of matrices was proposed in
[JM13] and relies on a matrix-valued symmetric AMP iteration similar to the one used in our proof,
with a family of non-linearities acting on blocks of variables, with a separable effect on each block.
Since our proof extends the matrix-valued, symmetric AMP iteration to the fully non-separable case,
the same ideas can be applied to our framework to include spatially coupled matrices on each edge
of the oriented graph presented in the previous section (with the added possibility of non-separable
effects on each block). We give an example in Section 4.6.

4 Applications to inference problems

In this section we illustrate our main theorem by showing how several AMP iterations established
heuristically in the literature are included in our framework, in particular [MKMZ17, AMB+19,
ALM+20, LSG+21], and how straightforward generalizations can be considered. We adopt an
optimization viewpoint for each problem, omitting the probabilistic inference formulation at the
origin of these iterations for simplicity.

4.1 A building block: AMP for generalized linear models

We start with a known AMP iteration for which the state evolution equations were already proven,
and build upon the intuition it gives to present more elaborate iterations. Consider the task of
optimizing a penalized cost functions of the form

x̂ ∈ min
x∈Rd

g(Ax,y) + f(x) (15)

where the vector of labels y is typically assumed to be generated from another process as

y = φ(Ax0),

with x0 ∈ R
d generated from a given distribution px0 independent from the matrix A, A ∈ R

N×d

is a matrix with i.i.d. N(0, 1d) elements, and φ a given function. The goal is then to reconstruct
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the vector x0. This formulation is at the basis of many of the fundamental estimation methods
in machine learning: least-squares, LASSO, logistic regression, etc. Approximate-message passing
algorithms were proposed for this task, notably in [DMM09, BM11a, Ran11, KMS+12, JM13],
and take the generic form of the asymmetric AMP iteration (5) where A−→e = A. Intuitively, the
functions f t−→e , f

t←−e each correspond to one of the functions g, f from (15) and respectively output an
estimate of the quantities Ax̂, x̂. As prescribed by the form of the generative model, we expect the
update function associated to the loss g(.,y) to be correlated with the matrix A, thus preventing
a direct application of the SE equations. We propose a self-contained derivation explaining how
to recover (an instance of) the usual SE equations for GAMP as originally derived in [Ran11] in
Appendix E.

4.2 Multilayer generalized linear estimation

Consider now the problem of recovering a vector x0 from a more complex generative model involving
a multilayer neural network with random weights:

y = φL(ALφL−1 (AL−1(...φ1(A1x0)))

where one has access to the final output y and would like to reconstruct the intermediate ones and
input x0. For each layer 1 6 l 6 L the matrix Al ∈ R

Nl+1×Nl has i.i.d. N(0, 1
Nl
) with Nl+1/Nl = δl.

The idea is to solve this sequentially using asymmetric AMP iterations similar to the one presented
in the previous section. This approach was originally proposed in [MKMZ17] under the name
multilayer AMP (MLAMP). For any 1 6 l 6 L+ 1, define

xl = φl−1(Al−1φl−2(..φ1(A1x0))),

such that xl+1 = φl(Alxl) and xL+1 = y

The intuition is the following : each xl is then estimated using the asymmetric AMP corresponding
to the problem

x̂l = argmin
x∈RNl

gl(Alx,yl) + fl(x)

the output of which is used to estimate the next, i.e., yl = x̂l+1, whose statistical properties are given
by the SE equations. The complete derivation of the iteration involves writing the belief-propagation
equations on the factor graph corresponding to the multilayer inference problem, capturing all
the interactions between the different iterates. These SE equations were derived heuristically in
[MKMZ17] for Bayes-optimal inference, and this paper proves them in the generic case.

4.3 Spiked matrix with generative prior

In the same spirit as the composition of generalized linear models defining MLAMP, different tasks
can be composed to obtain richer instances of inference problems. For instance in [AMB+19], the
reconstruction of a low-rank matrix under a generative prior is considered using an AMP iteration.
A rank-one matrix is observed, blurred by Gaussian noise:

Y =

√

λ

d
v0v

⊤
0 +W

where W ∈ GOE(N), and the vector v0 ∈ R
N is assumed to be generated from a multilayer neural

network with random weights

v0 = φL(ALφL−1 (AL−1(...φ1(A1x0)))
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for a given ground truth vector x0 ∈ R
N1 , matrices {Al ∈ R

Nl+1×Nl}16l6L and non-linearities
{φl}16l6L. The AMP iteration to estimate v0 from Y was first proposed in [RF12, DM14], and
takes the form of a symmetric AMP (6). Similarly to MLAMP, the output of this iteration can
then be used as input, leading to the AMP iteration proposed in [ALM+20], which corresponds to
the AMP iteration (8). This paper proves the state evolution equations for this iteration.

4.4 An example with matrix-valued variables

Matrix valued variables are encountered in scenarios such as committee machines [AMB+19] or
multiclass learning problems [LSG+21], or more generically when a finite ensemble of predictors is
learned. Consider the matrix-valued extension of the generalized linear estimation problem Eq.(15).

X̂ ∈ argmin
X∈RN×q

g(AX,Y) + f(X)

where Y = φ(AX0))

where X0 ∈ R
N×q and q ∈ N is kept finite. The SE equations for the asymmetric AMP with matrix

valued-variables are included in the result of [JM13]. This can be directly generalized to a multilayer
matrix inference problem by considering a generative model of the form

Y = φL(ALφL−1 (AL−1(...φ1(A1X0)))

and successive application of the matrix-valued asymmetric AMP as proposed for MLAMP in
Section 4.2. The state evolution equations for this problem is included in our framework using the
results from Section 3.3.

4.5 An example with structured random matrices

Consider a generalized linear inference task where the data is now represented by a Gaussian matrix
with a covariance Σ 6= Id. This can be dealt with using the non-separable framework. Assuming
the covariance matrix is full-rank, we can equivalently work with the variable x̃ = Σ1/2x, and solve

argmin
x̃

g(Ãx̃,y) + f(Σ−1/2x̃).

where Ã is now ana i.i.d. Gaussian matrix. This will modify the update function associated to
f , becoming f(Σ−1/2.), which is non-separable, even if the function f is initially assumed to be
separable. The validity of the SE equations for this case follows from the results of [BMN20]. This
manipulation can also be done on any layer of MLAMP, for a given set of covariance matrices
Σ1, ...,ΣL associated to each random matrix A1, ...,AL, with vector or matrix-valued variables.
The validity of the SE equations in this case follows from the results of this paper. In the convex
GLM case (2-layer), the fixed point of the state evolution equations with a generic covariance gives
the same result as (a particular case of) the exact asymptotics recently proposed in [LGC+21] to
study different feature maps in generalized linear models.

4.6 An example of spatial coupling with non-separable non-linearities

Here we briefly describe an inference problem recently studied in [LSG+21] that can be solved using
spatial coupling on a non-separable AMP iteration. Consider the problem of classifying a high-
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dimensional Gaussian mixture with a finite number K of clusters, described by the joint density

P (x|y) =
K∑

k=1

ykπkN(µk,Σk)

where x ∈ R
d is a sample, y ∈ R

K is a binary label vector, {πk}k are the cluster probabilities
such that

∑K
k=1 πk = 1, {µk}16k6K are the means and {Σk}16k6K are positive definite covariances,

using a convex generalized linear model, i.e.,

X ∈ argmin
X∈Rd×K

g(AX,Y) + f(X)

where Y ∈ R
N×K is the concatenated matrix of one-hot encoded labels. The matrix A representing

N samples of the Gaussian mixture can be written as a block diagonal matrix

A =








Z1Σ
1/2
1

Z2Σ2
1/2

...

ZKΣK
1/2







∈ R

N×Kd

where the Zk ∈ R
Nk×d are i.i.d. N(0, 1d ) independent matrices, with Nk the number of samples

coming from each cluster. This type of matrix can be embedded into an AMP iteration using the
spatial coupling technique to handle the block structure and the non-separable framework to deal
with the covariances on each block. The validity of the SE equations for the combination of spatial
coupling and non-separable effects is proven by this paper. This is also an example where the teacher
distribution is independent of the Gaussian matrices that will appear in the AMP iteration, as the
multinomial distribution prescribing cluster membership is independent of the Gaussian cloud of
each cluster.

5 Perspectives

We have shown that AMP algorithms can be unified in an intuitive way by means of an ori-
ented graph, and that this representation leads to a modular, effective and extended proof of state
evolution equations. Several problems follow from the results presented here.

Connecting back to the factor graph. We do not relate our proposed graphical representation
of the AMP iterations with the factor graphs of the probabilistic inference problems that generated
them. Understanding this relation would clarify the statistical inference problems that can be solved
using AMP iterations. The applications that motivated this paper use our framework with only
very simple graphs—line graphs, sometimes with a loop. However, the framework accepts much
more complicated graphs, potentially with more loops. In future work, we hope to explore the new
statistical problems and AMP iterations that can be analyzed using these graphs.

Rotationally invariant matrices. As shown in [RSF19, FRS18, PSAR+20, Fan20], the Gaus-
sian conditioning method at the core of AMP proofs can be reproduced with right rotationally
invariant matrices with generic spectrum. Extending the results of the present paper to this family
of matrices requires finding the appropriate form of the graph iteration and is an open problem.
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Universality and finite size corrections. State evolution proofs are amenable to both finite
size analysis [RV18, MRB17] and universality proofs [BLM15, CL21]. Although both problems were
tackled in simpler settings in these papers, their techniques could be combined with the embedding
proposed in the proof of Theorem 1 to prove finite size rates and universality properties for any
graph supported AMP.
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trix estimation: Phase transitions, approximate message passing and applications.
Journal of Statistical Mechanics: Theory and Experiment, 2017(7):073403, 2017.

[LSG+21] Bruno Loureiro, Gabriele Sicuro, Cédric Gerbelot, Alessandro Pacco, Florent Krzakala,
and Lenka Zdeborová. Learning gaussian mixtures with generalised linear models:
Precise asymptotics in high-dimensions. arXiv preprint arXiv:2106.03791, 2021.

[Min13] Thomas Minka. Expectation propagation for approximate bayesian inference. arXiv
preprint arXiv:1301.2294, 2013.

[MKMZ17] Andre Manoel, Florent Krzakala, Marc Mézard, and Lenka Zdeborová. Multi-layer
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[MPV87] Marc Mézard, Giorgio Parisi, and Miguel Angel Virasoro. Spin glass theory and beyond:
An Introduction to the Replica Method and Its Applications, volume 9. World Scientific
Publishing Company, 1987.

[MRB17] Yanting Ma, Cynthia Rush, and Dror Baron. Analysis of approximate message passing
with a class of non-separable denoisers. In 2017 IEEE International Symposium on
Information Theory (ISIT), pages 231–235. IEEE, 2017.

[OWJ05] Manfred Opper, Ole Winther, and Michael Jordan. Expectation consistent approximate
inference. Journal of Machine Learning Research, 6(12), 2005.

[Pea14] Judea Pearl. Probabilistic reasoning in intelligent systems: networks of plausible infer-
ence. Elsevier, 2014.

[PSAR+20] Parthe Pandit, Mojtaba Sahraee-Ardakan, Sundeep Rangan, Philip Schniter, and
Alyson Fletcher. Inference in multi-layer networks with matrix-valued unknowns. arXiv
preprint arXiv:2001.09396, 2020.

[Ran11] Sundeep Rangan. Generalized approximate message passing for estimation with ran-
dom linear mixing. In 2011 IEEE International Symposium on Information Theory
Proceedings, pages 2168–2172. IEEE, 2011.

[RF12] Sundeep Rangan and Alyson Fletcher. Iterative estimation of constrained rank-one
matrices in noise. In 2012 IEEE International Symposium on Information Theory
Proceedings, pages 1246–1250. IEEE, 2012.

[RSF19] Sundeep Rangan, Philip Schniter, and Alyson Fletcher. Vector approximate message
passing. IEEE Transactions on Information Theory, 65(10):6664–6684, 2019.

22



[RU08] Tom Richardson and Ruediger Urbanke. Modern coding theory. Cambridge university
press, 2008.

[RV18] Cynthia Rush and Ramji Venkataramanan. Finite sample analysis of approximate
message passing algorithms. IEEE Transactions on Information Theory, 64(11):7264–
7286, 2018.

[SR14] Philip Schniter and Sundeep Rangan. Compressive phase retrieval via generalized
approximate message passing. IEEE Transactions on Signal Processing, 63(4):1043–
1055, 2014.

[Tak17] Keigo Takeuchi. Rigorous dynamics of expectation-propagation-based signal recovery
from unitarily invariant measurements. In 2017 IEEE International Symposium on
Information Theory (ISIT), pages 501–505. IEEE, 2017.

[Ver18] Roman Vershynin. High-dimensional probability: An introduction with applications in
data science, volume 47. Cambridge university press, 2018.
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A Changing time indices

Here we show how the time index convention usually encountered in earlier instances of the asym-
metric AMP iteration can be recovered from the one used in this proof. Consider two successive
iterations of the asymmetric AMP (5):

xt+1−→e = A−→e m
t−→e − bt−→e m

t−1←−e , xt−→e = A−→e m
t−1−→e − bt−1−→e mt−2←−e ,

mt−→e = f t−→e
(
xt←−e
)
, mt−1−→e = f t−1−→e

(
xt−1←−e

)
,

xt+1←−e = A⊤−→e m
t←−e − bt←−e m

t−1−→e , xt←−e = A⊤−→e m
t−1←−e − bt−1←−e mt−2−→e ,

mt←−e = f t←−e
(
xt−→e
)

mt−1←−e = f t−1←−e
(
xt−1−→e

)

(16)

which requires initializing both x−→e and x←−e , and updates them simultaneously at each iteration.
We see that to evaluate xt+1−→e (resp. xt+1←−e ), we only need the previous value of xt←−e (resp. xt−→e ) and

x−→e t−1 (resp. xt−1←−e ). Thus only half of the iterates can be computed, independently of the other
half, using the following formulae (setting the other update functions to zero):

x2t+1←−e = A⊤−→e m
2t←−e − b2t←−e m

2t−1−→e ,

m2t←−e = f2t←−e
(
x2t−→e
)
,

x2t−→e = A−→e m
2t−1−→e − b2t−1−→e m2t−2←−e ,

m2t−1−→e = f2t−1−→e
(
x2t−1←−e

)

(17)

which only requires one value at initialization and at each iteration. The usual time indices found
in , e.g., [BMN20] are then recovered with the following mapping:

x2t+1←−e = ut+1

x2t−→e = vt

f2t←−e (.) = gt(.)

f2t−1−→e (.) = et(.)
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Note that this simplification is specific to the graph structure underlying the asymmetric AMP
iteration.

B Matrix-valued symmetric AMP iterations with non-separable

non-linearities

B.1 State evolution description

In this section, we present the state evolution equations for a symmetric AMP iteration with
non-separable non-linearities and matrix-valued variables. This is an extension of the results of
[JM13, BMN20]. This result underlies the proof of state evolution equations for graph-based AMP
iterations.

Consider an initial (deterministic) matrix X0 ∈ R
N×q and a sequence of deterministic functions

{f t : RN×q → R
N×q}t∈N. For the reader’s convenience, we recall here the symmetric AMP iteration

(9)-(11).

Symmetric AMP iteration. Let X0 ∈ R
N×q and define recursively,

Xt+1 = AMt −Mt−1(bt)⊤ ∈ R
N×q , (18)

Mt = f t(Xt) ∈ R
N×q , (19)

bt =
1

N

N∑

i=1

∂f t
i

∂Xi
(Xt) ∈ R

q×q . (20)

where bt is the Onsager correction term. We now list the necessary assumptions.

Assumptions.

(B1) A ∈ R
N×N is a GOE(N) matrix, i.e., A = G + G⊤ for G ∈ R

N×N with i.i.d. entries
Gij ∼ N(0, 1/(2N)).

(B2) For each t ∈ N, f t : RN×q → R
N×q is pseudo-Lipschitz of order k, uniformly in N .

(B3) ‖X0‖F /
√
N converges to a finite constant as N →∞.

(B4) The following limit exists and is finite:

lim
N→∞

1

N
f0(X0)⊤f0(X0) ∈ R

q×q (21)

(B5) For any t ∈ N>0 and any κ ∈ S+q , the following limit exists and is finite:

lim
N→∞

1

N
E

[

f0(X0)⊤f t(Z)
]

∈ R
q×q (22)

where Z ∈ R
N×q, Z ∼ N (0,κ ⊗ IN ).

(B6) For any s, t ∈ N>0 and any κ ∈ S+2q, the following limit exists and is finite:

lim
N→∞

1

N
E

[

f s(Zs)⊤f t(Zt)
]

∈ R
q×q (23)

where (Zs,Zt) ∈ (RN×q)2,(Zs,Zt) ∼ N(0,κ ⊗ IN).
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Under these assumptions, we define the state evolution iteration related to the AMP iteration (18)-
(20).

Definition 3 (state evolution iterates). The state evolution iterates are composed of one infinite-
dimensional array (κs,r)r,s>0 of real matrices. This array is generated as follows. Define the first
state evolution iterate

κ1,1 = lim
N→∞

1

N
f0(X0)⊤f0(X0) (24)

Recursively, once κs,r, 0 6 s, r 6 t are defined for some t > 1, take Z0 = X0 and (Z1, . . . ,Zt) ∈
(Rn×q)t a centered Gaussian vector of covariance (κs,r)s,r6t⊗IN . We then define new state evolution
iterates

κt+1,s+1 = κs+1,t+1 = lim
N→∞

1

N
E

[

f s(Zs)⊤f t(Zt)
]

, s ∈ {0, . . . , t} .

The following property then holds for the AMP iteration (18)-(20).

Theorem 2. Assume (B1)-(B6). Define, as above, Z0 = X0 and (Z1, . . . ,Zt) ∈ (RN×q)t a centered
Gaussian vector of covariance (κs,r)s,r6t ⊗ IN . Then for any sequence ΦN : (RN×q)t+1 → R of
pseudo-Lipschitz functions,

ΦN

(
X0,X1, . . . ,Xt

) P≃ E
[
ΦN

(
Z0,Z1, . . . ,Zt

)]
.

Given the above result, we can expect the Onsager correction bt to verify

bt P≃ 1

N
E

[
N∑

i=1

∂f t
i

∂Zi
(Zt)

]

∈ R
q×q . (25)

where Zt ∼ N(0,κt,t ⊗ In). In fact, similarly to [BMN20], Theorem 2 can be shown to hold for the

AMP iteration ((18)-(20)) with any estimator b̂t satisfying

b̂t(X0,M̂0, ...,M̂t−1, X̂t)
P≃ 1

N
E

[
N∑

i=1

∂f t
i

∂Zi
(Zt)

]

∈ R
q×q . (26)

.

B.2 Application: proof of Theorem 1

In Section 3.2, we have seen that the graph AMP iteration (2)-(4) can be rewritten as a symmetric
AMP iteration of the form (9)-(11). Here, we check that applying Theorem 2 on the symmetric
iteration after performing the reduction indeed gives Theorem 1.

Define the state evolution iterates as in Definition 3. Here, due to the expression (12) of the
non-linearities, the state evolution iterates are diagonal:

κ1,1 = lim
N→∞

1

N








∥
∥
∥f0−→e 1

((x0−→e )−→e :−→e→−→e 1
)
∥
∥
∥

2
0

. . .

0
∥
∥
∥f0←−e m

((x0−→e )−→e :−→e→←−e m
)
∥
∥
∥

2








(27)
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and

κt+1,s+1 = κs+1,t+1 = lim
N→∞

1

N






Ef s−→e 1
(. . . )⊤f t−→e 1

(. . . ) 0
. . .

0 Ef s←−e m
(. . . )⊤f t←−e m

(. . . )




 .

Let Zt ∈ R
N×q be the variable from Definition 3. Decompose

Zt =






Zt−→e 1
∗

. . .

∗ Zt←−e m




 .

where Zt
(v,w) ∈ R

nw . The diagonal structure of the state evolution iterates means that Zt−→e and Zt−→e ′
are independent when −→e 6= −→e ′. We thus find that

κs,t = lim
N→∞

1

N






κ
s,t
−→e 1

0

. . .

0 κ
s,t
←−e m

,






where the κ
s,t
−→e are those defined in Section 3 and the variables Zt−→e are the same as those defined in

Section 3.
These elements show that Theorem 1 follows from the application of Theorem 2.

C Proof of Theorem 2

Once the concentration lemmas of Appendix D are established for matrix valued-variables, the proof
follows closely that of [BMN20]. We include the main steps (with a few changes) for completeness
nonetheless.
As an intermediate step, we introduce the following AMP iteration initialized with X0 ∈ R

N×q :

Xt+1 = AMt −Mt−1(bt)⊤ ∈ R
N×q (28)

Mt = f t(Xt) ∈ R
N×q , (29)

bt =
1

N
E

[
N∑

i=1

∂f t
i

∂Zi
(Zt)

]

∈ R
q×q . (30)

where the Onsager term has been replaced by the expectation in Eq.(25) using the state evolu-
tion recursion, i.e., Zt ∈ R

N×q ∼ N(0,κt,t ⊗ IN ). We denote this recursion with the shorthand
{Xt,Mt|f t,X0}. The following lemma is an analog of Theorem 2 for the iteration (28)-(30).

Lemma 2. Define, as above, Z0 = X0 and (Z1, . . . ,Zt) ∈ (RN×q)t a centered Gaussian vector

of covariance






κ1,1 · · · κ1,t

...
. . .

...
κt,1 · · · κt,t




 ⊗ IN . Then for any sequence ΦN : (RN×q)t+1 → R of pseudo-

Lipschitz functions, the iterates of (28)-(30) satisfy

ΦN

(
X0,X1, . . . ,Xt

) P≃ E
[
ΦN

(
Z0,Z1, . . . ,Zt

)]
.
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C.1 Proof outline and intermediate lemmas

The main idea is to analyze an iteration that behaves well under Gaussian conditioning and that
asymptotically approximates (28)-(30).

Matrix LoAMP. We consider the following iteration, a matrix-valued version of the LoAMP
iteration introduced in [BMN20]. The sequence of functions f t and initialization X0 are the same
as for the AMP iteration {Xt,Mt|f t,X0}. Initialize Q0 = f0(X0), and recursively define

Ht+1 = P⊥Qt−1
AP⊥Qt−1

Qt +Ht−1α
t ∈ R

N×q , (31)

Qt = f t(Ht) ∈ R
N×q , (32)

where at each step, the matrices Qt−1,αt,Ht−1 are defined as

Qt−1 =
[
Q0|Q1|...|Qt−1] ∈ R

N×tq , (33)

αt = (Q⊤t−1Qt−1)
−1Q⊤t−1Q

t ∈ R
tq×q , (34)

Ht−1 =
[
H1|H2|...|Ht

]
∈ R

N×tq , (35)

PQt−1
= Qt−1(Q

⊤
t−1Qt−1)−1Q

⊤
t−1 is the orthogonal projector on the subspace spanned by the

columns of Qt−1, and P⊥Qt−1
= IN − PQt−1

. We denote this recursion with the shorthand

{Ht,Qt|f t,X0}. The inverse (Q⊤t−1Qt−1)−1 in the projector may not always be properly defined
if Qt−1 is either rank-deficient or has vanishing singular values. We thus introduce the following
assumption as in [BMN20], which ensures the proper definition of the projector.

Assumption 1 (Non-degeneracy). We say that the LoAMP iterates satisfy the non-degeneracy
assumption if :

• almost surely, for all t and all N > t, Qt−1 has full column rank.

• for all t, there exists some constant ct > 0—independent of N—such that almost surely, there
exists N0 (random) such that, for N > N0, σmin(Qt−1)/

√
N > ct > 0.

We now study the LoAMP iteration, starting with the non-degenerate case.

The non-degenerate case. The following lemma gives the distribution of the Long-AMP iterates
when conditioned on the previous ones.

Lemma 3. Consider the LoAMP iteration {Ht,Qt|ft,X0} and assume it satisfies the non-degeneracy
assumption. For any t ∈ N, let St be the σ-algebra generated by the collection of random variables
H1,H2, ...,Ht. Then

Ht+1|St

d
= P⊥Qt−1

ÃP⊥Qt−1
Qt +Ht−1α

t (36)

where Ã is a copy of A independent of St.

The next lemma characterizes the high-dimensional geometry and distribution of the LoAMP
iterates, notably that they verify the state evolution equations.
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Lemma 4. Consider the LoAMP recursion {Ht,Qt|ft,X0} and suppose it satisfies the non-degeneracy
assumption. Then

a) for all 0 6 s, r 6 t ,
1

N
(Hs+1)⊤Hr+1 P≃ 1

N
(Qs)⊤Qr ∈ R

q×q , (37)

b) for any t ∈ N, for any sequence of uniformly order-k pseudo-Lipschitz functions {φN :
(RN×q)t+2 → R},

ΦN (X0,H1, ...,Ht+1)
P≃ E[ΦN(X0,Z1, ...,Zt+1)] (38)

where
(Z1, ...,Zt+1) ∼ N(0, (κs,r)s,r6t ⊗ IN ) (39)

The next two lemmas show that the iterates of the Long-AMP recursion are arbitrary close to
those of the original symmetric AMP in the high-dimensional limit.

Lemma 5. For each iteration t of the LoAMP iteration {Ht,Qt|f t,X0}, consider the recursion

Ĥt+1 = AQt −Qt−1(bt)⊤ where bt =
1

N
E

[
N∑

i=1

∂f t
i

∂Zi
(Zt)

]

∈ R
q×q (40)

Qt = f t(Ht) (41)

where we take Ĥ1 = AQ0 and Zt ∼ N(0,Kt,t ⊗ IN )with Kt,t defined by the state evolution. Then

for any t ∈ N, 1√
N
‖Ht+1 − Ĥt+1‖F P−−−−→

N→∞
0.

Lemma 6. Consider the symmetric AMP iteration {Xt,Mt|ft,X0} and the LongAMP iteration
{Ht,Qt|ft,X0}. Suppose that LongAMP satisfies the non-degeneracy assumption. Then for any
t ∈ N,

1√
N
‖Ht+1 −Xt+1‖F P−−−−→

N→∞
0 and

1√
N
‖Qt −Mt‖F P−−−−→

N→∞
0 (42)

Combining the previous results, and assuming the non-degeneracy is verified, Lemma 2 holds
true.

Relaxing the non-degeneracy hypothesis This paragraph shows how the non-degeneracy
assumption is relaxed using a perturbative argument as done in [BMN20]. Define the randomly
perturbed functions

f t
ǫYt = f t(.) + ǫYt (43)

where Yt ∈ R
N×q is a matrix with i.i.d. N(0, 1) entries independent of the original matrix A. We

denote Y the set of random matrices (Y0,Y1, ...,Yt) ∈ (RN×q)t+1.

Lemma 7. The AMP iteration defined with the functions f t
ǫY and initialized with X0 verifies As-

sumptions (B4)− (B6). Furthermore, define the associated state evolution iteration {κs,t
ǫ |f t

ǫY,X0},
initialized with

κ1,1
ǫ = lim

N→∞
1

N
(f0

eY(X0))⊤(f0
eY(X0)) (44)

and

κs+1,t+1
ǫ = lim

N→∞
1

N
E

[

(f s
ǫY(Zǫ,s)⊤f t

ǫY(Zǫ,t)
]

(45)
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where (Zǫ,1, ...,Zǫ,t) ∼ N(0, (κs,r)ǫs,r6t ⊗ IN) and the expectations are taken w.r.t. Zǫ,1, ...,Zǫ,t but

not on Y. Then the state evolution {κs,t
ǫ |f t

ǫY,X0} is almost surely non-random.

Lemma 8. Denote QǫY
t−1 the N×tq matrix associated with the LoAMP iterates {HǫY,t,QǫY,t|f t

ǫY,X0}.
Assume ǫ > 0. Then for N > t, the matrix QǫY

t−1 almost surely has full column-rank. Furthermore,
there exists a constant ct,ǫ, independent of n, such that, almost surely, there exists N0 (random)
such that, for N > N0, σmin(Q

ǫY
t−1)/

√
N > ct,ǫ > 0.

The next two lemmas show uniform convergence of the perturbed state evolution averages to
the original one when the perturbation vanishes.

Lemma 9. Let {ΦN : RN×tq → R
q×q}N>0 be a sequence of uniformly pseudo-Lipschitz functions

of order k. Let κ, κ̃ be two tq × tq covariance matrices and Z ∼ N(0,κ ⊗ IN ), Z̃ ∼ N(0, κ̃ ⊗ IN ).
Then

lim
κ̃→κ

sup
N>1

E[ΦN(Z)]− E[ΦN (Z̃)] = 0 . (46)

Lemma 10. For any s, t > 1, κs,t
ǫ −−→

ǫ→0
κs,t.

This last lemma shows that the iterates of the AMP iteration defined with the randomly per-
turbed functions (43), denoted {XǫY,t,MǫY,t|f t

ǫY,X0}, is arbitrarily close to the original AMP
iteration {Xt,Mt|f t,X0} when the perturbation is taken to zero.

Lemma 11. Consider the symmetric AMP iteration defined by {Xt,Mt|f t,X0} and the corre-
sponding perturbed iteration defined by {XǫY,t,MǫY,t|f t

ǫY,X0}. Assume that, for some t ∈ N. Then
there exist functions ht(ǫ), h

′
t(ǫ), independent of N , such that

lim
ǫ→0

ht(ǫ) = lim
ǫ→0

h′t(ǫ) = 0 (47)

and for all ǫ 6 1, with high probability,

1√
N
‖MǫY,t −Mt‖F 6 h′t(ǫ) , (48)

1√
N
‖XǫY,t+1 −Xt+1‖F 6 ht(ǫ) . (49)

Combining these lemmas, we now prove Lemma 2.

C.2 Proof of Lemma 2 and Theorem 2

Theorem 2 follows from Lemma 2 similarly to the proof of Corollary 2 from [BMN20].

Proof of Lemma 2. The lemmas presented in the previous section ensure the following:

• Lemma 8 and 2 ensure the AMP iteration defined with randomly perturbed functions verifies
the non-degeneracy assumptions and the perturbed state evolution equations, i.e.,

ΦN

(
X0,Xǫ,1, . . . ,XǫY,t

) P≃ E
[
ΦN

(
Zǫ,0,Zǫ,1, . . . ,Zǫ,t

)]
.

for any sequence of pseudo-Lispchitz functions ΦN , where
(
Zǫ,0,Zǫ,1, . . . ,Zǫ,t

)
are defined as

in Eq.(44).
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• We have shown that the perturbed state evolution converges to the original one for vanishing
perturbations, i.e.,

sup
N>1
|E
[
ΦN

(
Z0,Z1, . . . ,Zt

)]
− E

[
ΦN

(
Zǫ,0,Zǫ,1, . . . ,Zǫ,t

)]
| −−→

ǫ→0
0

using Lemma 9 and 10.

• Lemma 11 ensures the AMP iteration {XǫY,t,MǫY,t|f t
ǫY,X0} uniformly approximates the

{Xt,Mt|f t,X0} one.

In light of these results, consider the following decomposition: for any η > 0:

P
(
|ΦN

(
X0,X1, ...,Xt

)
− E

[
ΦN

(
X0,Z1, ...,Zt

)]
| > η

)

6 P

(

|ΦN

(
X0,X1, ...,Xt

)
− ΦN

(
X0,XǫY,1, ...,XǫY,t

)
| > η

3

)

+ P

(

|ΦN

(
X0,XǫY,1, ...,XǫY,t

)
− E

[
ΦN

(
X0,Zǫ,1, ...,Zǫ,t

)]
| > η

3

)

+ P

(

|E
[
ΦN

(
X0,Zǫ,1, ...,Zǫ,t

)]
− E

[
ΦN

(
X0,Z1, ...,Zt

)]
| > η

3

)

Starting with the first term of the r.h.s., the pseudo-Lipschitz property and the triangle inequality
give

|ΦN (X0,X1, ...,Xt)− ΦN (X0,XǫY,1, ...,XǫY,t)| 6

L

(

1 + 2
‖X0‖k−1F

nk−1 +
t∑

i=1

‖Xi‖k−1F

n(k−1)/2 +
t∑

i=1

‖Xǫ,i‖k−1F

N (k−1)/2

) t∑

i=1

‖Xǫ,i −Xi‖F√
N

6 L

(

1 + 2
‖X0‖k−1F

n(k−1)/2 +

t∑

i=1

‖Xi −Xǫ,i +Xǫ,i‖k−1F

n(k−1)/2 +

t∑

i=1

‖Xǫ,i‖k−1F

n(k−1)/2

) t∑

i=1

‖Xǫ,i −Xi‖F√
N

6 L

(

1 + 2
‖X0‖k−1F

n(k−1)/2 +

t∑

i=1

‖Xi −Xǫ,i‖k−1F

n(k−1)/2 + 2

t∑

i=1

‖Xǫ,i‖k−1F

n(k−1)/2

) t∑

i=1

‖Xǫ,i −Xi‖F√
N

6 L

(

1 + 2Ck−1
0 +

t∑

i=1

hi(ǫ)
k−1 + 2

t∑

i=1

Ck−1
ǫY,t

) t∑

i=1

hi(ǫ) w.h.p.

where we used assumption (B3) for the convergence of ‖X0‖F /
√
N to a finite constant, the well-

defined state evolution of the perturbed AMP {XǫY,t,MǫY,t|f t
ǫY,X0} for convergence of ‖Xǫ,i‖/

√
N

to finite constants CǫY,t and Lemma 11 to replace the differences ‖Xǫ,i − Xi‖F by the functions
hi(ǫ) with high probability. This gives, for any η > 0:

lim
ǫ→0

lim sup
N→∞

P

(

|ΦN

(
X0,X1, ...,Xt

)
−ΦN

(
X0,XǫY,1, ...,XǫY,t

)
| > η

3

)

= 0 (50)

The state evolution for the perturbed AMP then gives

lim
ǫ→0

lim sup
N→∞

P

(

|ΦN

(
X0,XǫY,1, ...,XǫY,t

)
− E

[
ΦN

(
X0,Zǫ,1, ...,Zǫ,t

)]
| > η

3

)

= 0 (51)

and Lemma 9 guarantees:

lim
ǫ→0

P

(

|E
[
ΦN

(
X0,ZǫY,1, ...,ZǫY,t

)]
− E

[
ΦN

(
X0,Z1, ...,Zt

)]
| > η

3

)

= 0 (52)
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for all N. From this we deduce

P
(
|ΦN

(
X0,X1, ...,Xt

)
− E

[
ΦN

(
X0,Z1, ...,Zt

)]
| > η

)
−−−−→
N→∞

0 (53)

which is the desired result.

C.3 Proof of intermediate lemmas

Those proofs which are too close to the ones appearing in [BMN20] are not reminded.

Proof of Lemma 3. Recall the σ-algebra St = σ(H1,H2, ...,Ht). The LongAMP iteration verifies:

Ht+1 = (Id−PQt−1
)AP⊥Qt−1

Qt +Ht−1α
t (54)

= AQt
⊥ −PQt−1

AQt
⊥ +Ht−1α

t (55)

where Qt
⊥ = P⊥Qt−1

Qt. We now show by an induction that conditioning on St is equivalent to

conditioning on the linear observations AQ0,AQ1, ...,AQt, and thus to conditioning on AQt−1.
Consider the first iteration which initializes the induction:

H1 = AQ0 (56)

thus H1 is σ(AQ0)-measurable. Suppose now that Ht−1 is σ(AQt−1)-measurable. The LongAMP
iteration then gives, remembering that Qt

‖ = PQt−1Q
t :

Ht+1 = AQt −AQt
‖ −PQt−1AQt

⊥ +Ht−1α
t

︸ ︷︷ ︸

σ(AQt−1)−measurable

(57)

where the highlighted term is σ(AQt−1)−measurable by definition of Qt
‖ and the induction hypoth-

esis. This gives that Ht is σ(AQt)-measurable. We can now condition on the linear observation
AQt−1 at each iteration. We thus have:

Ht+1|St

d
= A|St

Qt
⊥ −PQt−1

AQt
⊥ +Ht−1α

t (58)

which amounts to condition the Gaussian space generated by the entries of A on its subspace defined
by the linear combinations AQt−1. Conditioning in Gaussian spaces amounts to doing orthogonal
projections, which gives

A|St
= E [A|St] + Pt(Ã) (59)

as shown in [BM11a],[JM13], where Ã is a copy of A, independent of St and Pt is the projector
onto the subspace {Â ∈ R

N×N |ÂQt−1 = 0, Â = Â⊤} :

E [A|St] = A−P⊥Qt−1
AP⊥Qt−1

(60)

Pt(Ã) = P⊥Qt−1
ÃP⊥Qt−1

(61)

where Ã is an independent copy of A. Replacing in the original LongAMP iteration, we get :

Ht+1|St

d
= P⊥Qt−1

ÃP⊥Qt−1
Qt +Ht−1α

t (62)

where we used P⊥Qt−1
E [A|St]P

⊥
Qt−1

= 0.

Proof of Lemma 4. We proceed by induction over t. Let St be the property at time t.
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Initialization.

a) We have H1 = AQ0. Then:

1

N
(H1)⊤H1 =

1

N
(AQ0)⊤(AQ0)

P≃ 1

N
(Q0)⊤Q0 (63)

using Lemma 17. We then define κ1,1 = 1
N (Q0)⊤Q0.

b) We want to show that ΦN (X0,H1)
P≃ E

[
ΦN(X0,Z1)]

]
where Z1 ∼ N(0,κ1,1), where

κ1,1 =
1

N
(Q0)⊤Q0 =

1

N

(
f0(X0)

)⊤
f0(X0) (64)

For any sequence {ΦN}N∈N of order k pseudo-Lipschitz function

‖ΦN (X0,AQ0)− E[ΦN (Z1)]‖2 6 ‖ΦN (AQ0)− ΦN (Z1)‖2 + ‖ΦN (Z1)− E[ΦN(Z1)]‖2

6 Ln

(

1 +

(‖AQ0‖2√
N

)k−1
+

(‖Z1‖√
N

)k−1) ‖AQ0 − Z1‖2√
N

+ ‖ΦN (Z1)− E[ΦN (Z1)]‖2 (65)

where the large n limit of
(
‖AQ0‖2√

N

)k−1
+
(
‖Z1‖√

N

)k−1
being bounded, ‖AQ0−Z1‖2√

N

a.s−−−→
n→∞

0 and

‖ΦN (Z1)− E[ΦN (Z1)]‖2 P−−−→
n→∞

0 follow from Lemmas 16 and 17 .

Induction. Here we assume that S0, S1, ..., St−1 are verified, and we prove St.

a) Consider the case s < t. Since Hs+1 and 〈Qs,Qr〉 are St measurable, using the conditioning
lemma, we have :

(

(Hs+1)⊤Ht+1 − (Qs)⊤Qt
)

|St

d
=
(

(Hs+1)⊤Ht+1|St
− (Qs)⊤Qt

)

= (Hs+1)⊤(P⊥Qt−1
ÃP⊥Qt−1

Qt +Ht−1α
t)− (Qs)⊤Qt

= (Hs+1)⊤P⊥Qt−1
ÃQt

⊥ + (Hs+1)⊤Ht−1α
t − (Qs)⊤Qt (66)

We thus have :

1

N
‖
(

(Hs+1)⊤Ht+1 − (Qs)⊤Qt
)

|St
‖F 6

1

N
‖(Hs+1)⊤P⊥Qt−1

ÃQt
⊥‖F

+
1

N
‖(Hs+1)⊤Ht−1α

t − (Qs)⊤Qt‖F (67)

Starting with the term

1

N
‖(Hs+1)⊤P⊥Qt−1

ÃQt
⊥‖F =

1

N
‖(P⊥Qt−1

Hs+1)⊤ÃQt
⊥‖F (68)

the induction ensires that 1√
N
‖Hs+1‖F , 1√

N
‖Qt
⊥‖F concentrate to finite values. Furthermore,

‖P⊥Qt−1
Hs+1‖F 6 ‖Hs+1‖F , so according to Lemma 17, the first term on the right-hand-side

33



will concentrate to zero.
Moving to the second term, since s < t, PQt−1

Qs = Qs. Then:

1

N
‖(Hs+1)⊤Ht−1α

t − (Qs)⊤Qt‖F =
1

N
‖(Hs+1)⊤Ht−1α

t − (PQt−1
Qs)⊤Qt‖F

=
1

N
‖(Hs+1)⊤Ht−1α

t − (Qs)⊤Qt−1(Q
⊤
t−1Qt−1)

−1Q⊤t−1Q
t‖F

=
1

N
‖(Hs+1)⊤Ht−1α

t − (Qs)⊤Qt−1αt‖F

6
1

N
‖(Hs+1)⊤Ht−1 − (Qs)⊤Qt−1‖F ‖αt‖F (69)

Here we consider s < t thus s+1 6 t. Hence the induction hypothesis includes the concentra-
tion properties of Hs+1 and αt. We then have limN→∞

1
N ‖(Hs+1)⊤Ht−1− (Qs)⊤Qt−1‖F → 0

and ‖αt‖F has a finite and well-defined limit using the non-degeneracy assumption. Indeed:

‖αt‖F = ‖(Q⊤t−1Qt−1)
−1Q⊤t−1Q

t‖F

6
1

Nc2t
Q⊤t−1Q

t (70)

using the induction hypothesis, limn→+∞
1
NQ⊤t−1Q

t is finite. This proves the property for
s < t. Now consider the case s = t. We then have:

(
‖Ht+1‖2F − ‖Qt‖2F

)
|St

=
(
‖Ht+1|St

‖2F − ‖Qt‖2F
)

= ‖P⊥Qt−1
ÃQt

⊥‖2F + 2Tr

((

P⊥Qt−1
ÃQt

⊥
)⊤

Ht−1α
t

)

+ ‖Ht−1α
t‖2F − ‖Qt‖2F (71)

We then have

1

N
‖P⊥Qt−1

ÃQt
⊥‖2F =

1

N
‖ÃQt

⊥‖2F −
1

N
‖PQt−1

ÃQt
⊥‖2F

P≃ 1

N
‖Qt
⊥‖2F (72)

where we used

1

N
‖ÃQt

⊥‖2F
P≃ 1

N
‖Qt
⊥‖2F and

1

N
‖PQt−1

ÃQt
⊥‖2F

P−−−→
n→∞

0 (73)

which follows from Lemma 17 and the independence of Ã. The second term then reads
(

P⊥Qt−1
ÃQt

⊥
)⊤

Ht−1α
t = (Qt

⊥)
⊤ÃP⊥Qt−1

Ht−1α
t (74)

From the induction hypothesis, we know that αt has finite norm when N → ∞. Moreover,
‖P⊥Qt−1

Ht−1αt‖F 6 ‖Ht−1αt‖F , and ‖Qt
⊥‖F 6 ‖Qt‖F . Also 1√

N
‖Ht−1‖F and 1√

N
‖Qt‖F

converge to finite constants, again according to the induction hypothesis. Using Lemma 17,
we get

1

N
Tr

((

P⊥Qt−1
ÃQt

⊥
)⊤

Ht−1α
t

)

P−−−→
n→∞

0 (75)

Finally the third term can be decomposed

‖Ht−1α
t‖2F = Tr(

(
Ht−1α

t
)⊤

Ht−1α
t)

= Tr((αt)⊤H⊤t−1Ht−1α
t)

= Tr((αt)⊤
(

H⊤t−1Ht−1 −Q⊤t−1Qt−1
)

αt) + Tr((αt)⊤Q⊤t−1Qt−1α
t)

6 ‖H⊤t−1Ht−1 −Q⊤t−1Qt−1‖F ‖αt‖F + ‖Qt−1αt‖F (76)
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Using the induction hypothesis and the non-degeneracy assumption, limN→∞‖αt‖F is a fi-

nite constant, and 1
N ‖H⊤t−1Ht−1 −Q⊤t−1Qt−1‖F P−−−→

n→∞
0. Furthermore, by definition of αt,

Qt−1αt = Q
‖
t .

Grouping all the terms, we get

1

N

(
‖Ht+1‖2F − ‖Qt‖2F

)
|St

P≃ 1

N
‖Qt
⊥‖2F +

1

N
‖Qt
‖‖2F −

1

N
‖Qt‖2F

= 0 (77)

b) Using the conditioning lemma :

ΦN

(
X0,H1, ...,Ht,Ht+1

)
|St

d
= ΦN

(

X0,H1, ...,Ht,P⊥Qt−1
ÃP⊥Qt−1

Qt +Ht−1α
t
)

= ΦN

(

X0,H1, ...,Ht, ÃQt
⊥ − PQt−1

ÃQt
⊥ +Ht−1α

t
)

(78)

Let Φ
′

N

(

ÃQt
⊥ − PQt−1

ÃQt
⊥ +Ht−1αt

)

= ΦN

(

X0,H1, ...,Ht, ÃQt
⊥ − PQt−1

ÃQt
⊥ +Ht−1αt

)

as a shorthand. Then, from the pseudo-Lipschitz property:

|Φ′N
(

ÃQt
⊥ − PQt−1

ÃQt
⊥ +Ht−1α

t
)

− Φ
′

N

(

ÃQt
⊥ +Ht−1α

t
)

|

6 LNC(k, t)

(

1 +

(‖X0‖F√
N

)k−1
+

t∑

s=1

(‖Hs‖F√
N

)k−1

+

(‖Ht+1‖F√
N

)k−1
+

(

‖ÃQt
⊥‖F√
N

)k−1

+

(‖Ht−1αt‖F√
N

)k−1)‖PQt−1
ÃQt

⊥‖F√
N

(79)

where C(k, t) is a constant depending only on k and t. The induction hypothesis ensures that
(
‖X0‖F√

N

)k−1
+
∑t

s=1

(
‖Hs‖F√

N

)k−1
converges to a finite constant. Furthermore,

1√
N
‖Ã‖F 6

1√
N
‖Ã‖op‖Qt‖F (80)

which, using Proposition 2 and the induction hypothesis, converges to a finite constant. Also,
using the fact that rank(PQt−1

) 6 tq with t, q finite, and the independence of Ã, Lemma 17
gives

1√
N
‖PQt−1

ÃQt
⊥‖F

P−−−→
n→∞

0 . (81)

Ultimately, we obtain

Φ
′

N

(

ÃQt
⊥ − PQt−1

ÃQt
⊥ +Ht−1α

t
)

P≃ Φ
′

N

(

ÃQt
⊥ +Ht−1α

t
)

P≃ Φ
′

N

(

ÃQt
⊥ +Ht−1α

t,∗
)

(82)

where α∗t = limN→∞αt which are finite matrices, and α∗t ∈ R
tq×q. We write :





(α∗t )1
...

(α∗t )t



 (83)
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where ∀1 6 i 6 t, (α∗t )i ∈ R
q×q. Then

Φ
′

N

(

ÃQt
⊥ +Ht−1α

t,∗
)

P≃ Φ
′

N

(

ÃQt
⊥ +Ht−1α

t,∗
)

P≃ Φ(X0,H1, ...,Ht, ÃQt
⊥ +Ht−1α

t,∗) (84)

Using Lemma 16, there exists Zt+1
⊥ ∼ N(0,κt+1

⊥ ⊗ IN ) independent of St, where κt+1
⊥ =

limN→∞
1
N (Qt

⊥)
⊤Qt
⊥, such that:

Φ(X0,H1, ...,Ht, ÃQt
⊥ +Ht−1α

t,∗)
P≃ EZ

[
Φ(X0,H1, ...,Ht,Zt+1

⊥ +Ht−1α
t,∗)
]

P≃ E

[

ΦN (X0,Z1, ...,Zt,Zt+1
⊥ +

t∑

i=1

Zi(αt,∗)i)

]

(85)

We now need to match the covariance matrices defined by the prescription of Zt+1 we obtained
with the ones from the state evolution. Let Zt+1 = Zt+1

⊥ +
∑t

i=1 Z
i(αt,∗)i) ∈ R

q×q. We then
write Zt+1 ∼ N(0,κt+1,t+1 ⊗ IN ) where κt+1,t+1 = limN→∞ 1

N (Zt+1)⊤Zt+1. Then, using the
isometry proved above and remembering that, for any 1 6 i 6 t,Qt = f t(Ht):

1

N
(Zt+1)⊤Zt+1 P≃ 1

N
(Ht+1)⊤Ht+1 P≃ 1

N
(Qt)⊤Qt P−−−→

n→∞
κt+1,t+1 (86)

similarly, for s > 2:

κs =
1

N
(Zs)⊤Zt+1 P≃ 1

N
(Hs)⊤Ht+1 P≃ 1

N
(Qs−1)⊤Qt P−−−→

n→∞
κs,t+1 (87)

and for s = 1:

κs =
1

N
(Z1)⊤Zt+1 P≃ 1

N
(H1)⊤Ht+1 P≃ 1

N
(Q0)⊤Qt P−−−→

n→∞
κ1,t+1 (88)

Proof of Lemma 5. This lemma is proven by induction.

Initialization. The first iterates read H1 = AQ0 and Ĥ1 = AQ0. This concludes the initializa-
tion.

Induction. Assume the proposition is true up to time t. Define the (t+1)q×(t+1)q block-diagonal

matrix Bt = diag
(
0q×q,b1, ...,bt

)
and Ĥt−1 =

[

Ĥ1|Ĥ2|...|Ĥt
]

. We then have :

Ht+1 = P⊥Qt−1
AP⊥Qt−1

Qt +Ht−1α
t

= AQt
⊥ −PQt−1

AQt
⊥ +Ht−1α

t (89)

and

Ĥt+1 = AQt −Qt−1(bt)⊤

= AQt
⊥ +AQt

‖ −Qt−1(bt)⊤

where AQt
‖ = AQt−1(Q

⊤
t−1Qt−1)

−1Q⊤t−1Q
t

= AQt−1α
t (90)
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which gives

Ĥt+1 −Ht+1 = PQt−1
AQt

⊥ −Qt−1(bt)⊤ +AQt−1α
t −Ht−1α

t (91)

using the definition of iteration (40), we have:

AQt−1 = Ĥt−1 +
[
0N×q|Q0|...|Qt−2]B⊤t−1 (92)

Ĥt+1 −Ht+1 = PQt−1
AQt

⊥ −Qt−1(bt−1)⊤ + [0N×q|Qt−2]B
⊤
t−1α

t +
(

Ĥ
t−1 −Ht−1

)

αt

= Qt−1(Q
⊤
t−1Qt−1)

−1Q⊤t−1AQt
⊥ −Qt−1(bt−1)

⊤ + [0N×q|Qt−2]B
⊤
t−1α

t

+
(

Ĥ
t−1 −Ht−1

)

αt (93)

and

Q⊤t−1A = (AQt−1)
⊤

= ((Ĥt−1 + [0N×q|Qt−2]B
⊤
t ))
⊤

= Ĥ
⊤
t−1 +Bt [0N×q|Qt−2]

⊤ (94)

since Qt
⊥ = P⊥Qt−1

Qt, it holds that:

Q⊤t−1AQt
⊥ =

(

Ĥ
⊤
t−1 +Bt [0N×q|Qt−2]

⊤
)

P⊥Qt−1
Qt

= Ĥ
⊤
t−1P

⊥
Qt−1

Qt (95)

which in turn gives:

Ĥt+1 −Ht+1 = Qt−1(Q
⊤
t−1Qt−1)

−1Ĥ
⊤
t−1Q

t
⊥ −Qt−1(bt−1)⊤ + [0N×q|Qt−2]B

⊤
t−1α

t

+
(

Ĥ
t−1 −Ht−1

)

αt

= Qt−1(Q
⊤
t−1Qt−1)

−1H⊤t−1Q
t
⊥ −Qt−1(bt−1)⊤ + [0N×q|Qt−2]B

⊤
t−1α

t

+
(

Ĥ
t−1 −Ht−1

)

αt +Qt−1(Q
⊤
t−1Qt−1)

−1
(

Ĥt−1 −Ht−1
)⊤

Qt
⊥ (96)

We now study the limiting behaviour of this quantity, starting with:

C = Qt−1(Q
⊤
t−1Qt−1)

−1H⊤t−1Q
t
⊥ −Qt−1(bt−1)⊤ + [0N×q|Qt−2]B

⊤
t−1α

t (97)

We have :

Qt
⊥ = Qt −Qt

‖

= Qt −Qt−1αt (98)

and :

C = Qt−1(Q
⊤
t−1Qt−1)

−1H⊤t−1(Q
t −Qt−1αt)−Qt−1(bt−1)⊤ + [0N×q|Qt−2]B

⊤
t−1α

t (99)
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Using Lemma 12, the state evolution, and the concentration properties of pseudo-Lipschitz
functions Lemma 16, we get, for all 1 6 j 6 t− 1 and 1 6 i 6 t:

1

N
(Hi)⊤f j(Hj)

P≃ E

[
1

N
(Zi)⊤f j(Zj)

]

= Ki,jE

[
1

N
divf j(Zj)

]

P≃ 1

N
(Qi−1)⊤Qj−1(bj)⊤ (100)

and for j = 0 :

1

N
(Hi)⊤f(X0)

P≃ E

[
1

N
(Zi)⊤f0(X

0)

]

= 0 (101)

which in turn gives

1

N
(H⊤t−1Q

t) =
1

N

[
H1|...|Ht

]⊤
ft(H

t)
P≃ 1

N
(Qt−1)

⊤Qt−1(bt−1)⊤ (102)

and

1

N
H⊤t−1Qt−1 =

1

N

[
H1|...|Ht

]⊤ [
Q0|f1(H1)...|ft−1(Ht−1)

] P≃ 1

N
Q⊤t−1[0N×q|Qt−2]B

⊤
t−1 (103)

which gives :

1

N
C

P≃ 1

N

(

Qt−1(Q
⊤
t−1Qt−1)

−1Q⊤t−1(Q
t−1(bt−1)⊤ − [0N×q|Qt−2]B

⊤
t−1α

t) (104)

−Qt−1(bt−1)⊤ + [0N×q|Qt−2]B
⊤
t−1α

t

)

=
1

N

(

Qt−1(Q
⊤
t−1Qt−1)

−1Q⊤t−1 (Q
t−1(bt−1)⊤ − [0N×q|Qt−2]B

⊤
t−1α

t)
︸ ︷︷ ︸

∈ span(Qt−1)

(105)

−Qt−1(bt−1)⊤ + [0N×q|Qt−2]B
⊤
t−1α

t

)

= 0 (106)

At this point, we have :

1√
N
‖Ĥt+1 −Ht+1‖F 6

1√
N
‖C‖F +

1√
N
‖
(

Ĥt−1 −Ht−1
)

αt

+Qt−1(Q
⊤
t−1Qt−1)

−1
(

Ĥt−1 −Ht−1
)⊤

Qt
⊥‖F (107)

Where

1√
N
‖
(

Ĥt−1 −Ht−1
)

αt‖F 6
1√
N
‖Ĥt−1 −Ht−1‖F ‖αt‖F (108)
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As previously discussed, ‖αt‖F has a finite limit, and according to the induction hypothesis,
1√
N
‖Ĥt−1 −Ht−1‖F P−−−−→

N→∞
0. Then

1√
N
‖Qt−1(Q

⊤
t−1Qt−1)

−1
(

Ĥt−1 −Ht−1
)⊤

Qt
⊥‖F 6

1√
N
‖Ĥt−1 −Ht−1‖F

1

Nc2t
‖Qt−1‖F ‖Qt‖F

(109)

where 1
Nc2t
‖Qt−1‖F ‖Qt‖F converges to a finite limit due to the state evolution proved above. This

ultimately shows that
1√
N
‖Ĥt+1 −Ht+1‖F P−−−−→

N→∞
0 (110)

and concludes the induction.

Proof of Lemma 6. This one is another induction. Let St be the statement 1√
N
‖Qt−Mt‖F P−−−−→

N→∞
0

and 1√
N
‖Ht+1 −Xt+1‖F P−−−−→

N→∞
0.

Initialization. We have Q0 = f0(X0) = M0 and H1 = AQ0,X1 = AM0.

Induction. We assume St−1 is true, and we prove St. We have

1√
N
‖Qt −Mt‖F =

1√
N
‖f t(Ht)− f t(Xt)‖F

6 Lt

(

1 +

(‖Ht‖F√
N

)k−1
+

(‖Xt‖F√
N

)k−1) ‖Ht −Xt‖F√
N

(111)

which goes to zero as n goes to infinity from the induction hypothesis. We then prove that
1√
N
‖Ĥt+1 −Xt+1‖F P−−−−→

N→∞
0.

Ĥt+1 −Xt+1 = AQt −Qt−1(bt)⊤ −AMt +Mt−1(bt)⊤ (112)

and
1√
N
‖Ĥt+1 −Xt+1‖F 6 ‖A‖op

1√
N
‖Qt −Mt‖F +

1√
N
‖Qt−1 −Mt−1‖F ‖bt‖F (113)

using Proposition 2, ‖A‖op P−−−−→
N→∞

2. Using the induction hypothesis, 1√
N
‖Qt −Mt‖F P−−−−→

N→∞
0, 1√

N
‖Qt−1 −Mt−1‖F P−−−−→

N→∞
0, and ‖bt‖F is finite. This concludes the induction step.

Proof of Lemma 7. In this proof, we will consider the 2q × 2q covariance matrix κ =

[
κ1,1 κ1,2

κ1,2 κ2,2

]

and two matrices Z1,Z2 ∈ (RN×q)2 following the distribution N (0,κ⊗ IN ) , and we study the
corresponding state evolution when the perturbed functions f t

ǫY are considered. We drop the ǫ
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exponent on the covariance matrices since we are just studying the well-definiteness of the perturbed
SE as an induction. The link with the original SE will be studied in subsequent lemmas.

EZ

[
1

N
(f s

ǫY(Zs)⊤f t
ǫY(Zt)

]

= EZ

[
1

N
(f s(Zs)⊤f t(Zt)

]

+ ǫEZ

[
1

N
(f s(Zs))⊤Yt

]

+ ǫEZ

[
1

N
(f t(Zt))⊤Ys

]

+ ǫ2
1

N
(Ys)⊤Yt

= EZ

[
1

N
(f s(Zs)⊤f t(Zt)

]

+
ǫ

N
EZ [f s(Zs)]⊤Yt

+
ǫ

N
EZ

[
f t(Zt)

]⊤
Ys +

ǫ2

N
(Ys)⊤Yt

• the first term does not depend on the perturbation and is deterministic. Using assumptions
(A6), this quantity has a finite limit.

• second term is a q × q matrix where each element have zero mean and variance

Var

[
1

N

(

E

[

f s(Zs)⊤Yt
]i

j

)]

=
1

N2
‖E [f s(Zs)]‖22 6

C

N
(114)

Using the Gaussian tail and the Borel-Cantelli lemma, this term converges almost surely to
zero.

• the third term is treated in the same way as the second one

• the last term follows from the strong law of large numbers:

lim
N→∞

1

N
(Ys)⊤Yt a.s.−−−→

n→∞
Iq×qδs=t (115)

Putting things together, we get, almost surely:

lim
N→∞

EZ

[
1

N
(f s

ǫY(Zs))⊤f t
ǫY(Zt)

]

= lim
N→∞

EZ

[
1

N
(f s(Zs))⊤f t(Zt)

]

+ ǫ2Iq×qδs=t (116)

Verifying the initialization assumptions (A4-A5) is very similar to the previous steps, thus we
directly give the result. The initialization reads:

lim
N→∞

1

N
(f0

ǫY(X0))⊤f0
ǫY(X0) = lim

N→∞
1

N
(f0(X0))⊤f0(X0) + ǫ2Iq×q (117)

lim
N→∞

1

N
E

[

(f0
ǫY(X0))⊤f t

ǫY(Zt)
]

= lim
N→∞

1

N
E

[

(f0(X0))⊤f t(Zt)
]

(118)

It follows straightforwardly from these equations and a short induction that the resulting state
evolution is almost surely non-random.

Proof of Lemma 8. By definition, for any t ∈ N :

Qt,ǫY = Qt + ǫYt (119)

Then
QǫY,t
⊥ = P⊥

QǫY
t−1

f t(HǫY,t) + ǫP⊥
QǫY

t−1
Yt (120)
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with the parallel term a linear combination of the previous ones. Denote Ft the σ-algebra generated
by HǫY,1, ...,HǫY,t,Y1, ...,Yt−1. Since Yt is generated independently of Ft, each column j of QǫY,t

obeys the distribution:

(QǫY,t
⊥ )j |Ft ∼N(P⊥

QǫY
t−1

(f t(HǫY,t))j , ǫ
2P⊥

QǫY
t−1

) (121)

the variance of which is almost surely non-zero whenever N > tq. Thus, when N > tq, the matrix
Qt−1 has full column rank. We now need to control the minimal singular value of Qt−1. Following
[BM11a], Lemma 9, we only need to check that, for any column j, almost surely, for N sufficiently
large, there exists a constant cǫ > 0 such that:

1

N
‖(QǫY,t

⊥ )j‖2 > cǫ (122)

which follows in almost identical fashion to [BMN20], Lemma 9 using the moments of a N − tq
chi-square variable, instead of N − t in the original proof, which extends straightforwardly since q
is kept finite.

Proof of Lemma 9. This result is proven for q = 1 in [BMN20] and the proof for the case of finite,
integer q is identical.

Proof of Lemma 10. This lemma is proven by induction.

Initialization. From equation (117), it holds that

Kǫ
1,1 = K1,1 + ǫ2 −−→

ǫ→0
K1,1 (123)

Induction. Let t be a non-negative integer. Assume that, for any r, s 6 t, κr,s
ǫ → κr,s. Then:

κs+1,t+1
ǫ = lim

N→∞
E

[
1

N
(f s

ǫY(Zs
ǫY))⊤f t

ǫY(Zt
ǫY)

]

(124)

where Zs
ǫY,Zt

ǫY are n × q Gaussian random matrices whose distributions are specified by κ
s,s
ǫ ,κt,t

ǫ

and κ
s,t
ǫ which are q × q deterministic matrices. Then, from equation (116), we have

κs+1,t+1
ǫ = lim

N→∞
1

N
EZ

[
1

N
(fs(Z

ǫ,s))⊤ft(Z
ǫ,t)

]

+ ǫ2Iq×qδs=t (125)

From Lemma 13, the function (Zs,Zt)→ 1
N fs(Z

s)⊤ft(Zt) is uniformly pseudo-Lipschitz. Moreover,
from the induction hypothesis, we have :

lim
ǫ→0

κs,t
ǫ = κs,t (126)

thus, using the uniform convergence Lemma 9, we get :

lim
ǫ→0

lim
N→∞

1

N
E

[

fs(Z
ǫ,s)⊤ft(Z

ǫ,t)
]

= lim
N→∞

1

N
E

[

fs(Z
s)⊤ft(Z

t)
]

= κs+1,t+1 (127)

where (Zs,Zt) ∼ N(0,κ ⊗ In) and κ =

[
κs,s,κs,t

κt,s,κt,t

]

. This shows that

κs+1,t+1
ǫ −−→

ǫ→0
κs+1,t+1 (128)
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which concludes the induction. Similar reasoning proves the convergence of correlations with the
initial vector

κ1,t+1
ǫ −−→

ǫ→0
κ1,t+1 (129)

.

Proof of Lemma 11. This Lemma is proven by induction.

Initialization.

1√
N
‖MǫY,0 −M0‖F = f0

ǫY(X0)− f0(X0) =
1√
N

ǫ‖Y0‖F (130)

Using the bound from Lemma 1, there exists an absolute constant CY independent of N such that,
with high probability:

ǫ√
N
‖Y0‖F 6 CYǫ (131)

Note that CY is the same for all Yt. We thus choose h′0(ǫ) = CYǫ. Then

1√
N
‖XǫY,1 −X1‖F 6 ‖A‖op

ǫ√
N
‖Y0‖F 6 2CYǫ (132)

using the bound on the operator norm of GOE matrices Proposition 2, and we can choose h0(ǫ) =
2CYǫ.

Induction Assume the property is verified up to time t, i.e., the functions h0(ǫ), h
′
0(ǫ), ..., ht−1(ǫ), h

′
t−1(ǫ)

exist and are known. We now need to show ht(ǫ), h
′
t(ǫ) exist. By definition of the iteration:

1√
N
‖MǫY,t −Mt‖F =

1√
N
‖f t

ǫY(XǫY)− f t(Xt)‖F

=
1√
N
‖f t(XǫY)− f t(Xt) + ǫYt‖F

6 Lt

(

1 +

(‖XǫY,t‖F√
N

)k−1
+

(‖Xt‖F√
N

)k−1) ‖XǫY,t −Xt‖F√
N

+
1√
N

ǫ‖Yt‖F

6 Lt

(

1 +

(‖XǫY,t‖F√
N

)k−1
+

(‖Xt‖F√
N

)k−1)

ht−1(ǫ) + CYǫ

6 Lt

(

1 +CǫY(k) +

(‖XǫY,t‖F√
N

+
‖XǫY,t −Xt‖F√

N

)k−1)

ht−1(ǫ) + CYǫ

6 Lt

(

1 + CǫY(k) + 2k−2CǫY(k)k−1 + 2k−2hk−1t−1 (ǫ)
)

ht−1(ǫ) + CYǫ

(133)

where we used the state evolution of the perturbed AMP iteration to show that ‖X
ǫY,t‖F√
N

has a finite

limit and Hölder’s inequality. We can thus choose

h′t(ǫ) = Lt

(

1 + CǫY(k) + 2k−2CǫY(k)k−1 + 2k−2hk−1t−1 (ǫ)
)

ht−1(ǫ) + CYǫ (134)
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which goes to zero when ǫ goes to zero. Then

1√
N
‖XǫY,t+1 −Xt+1‖F 6 ‖A‖op

1√
N
‖MǫY,t −Mt‖F +

1√
N
‖MǫY,t−1(bt

ǫY)⊤ −Mt−1(bt)⊤‖F

6 2h′t(ǫ) +
1√
N
‖MǫY,t−1(bǫY

t )⊤ −Mt−1(bt)⊤‖F

6 2h′t(ǫ) +
1√
N
‖MǫY,t−1 −Mt−1‖F ‖bt‖F +

1√
N
‖bt

ǫY − bt‖F ‖Mt−1‖F
(135)

and

‖bt‖F = ‖E
[

1

N

N∑

i=1

∂f t
i

∂Zi
(Zt)

]

‖F

6 E

[

1

N

N∑

i=1

‖∂f
t
i

∂Zi
(Zt)‖F

]

(136)

where Zt ∼ N(0,κt,t ⊗ In). Since the function f t : RN×q → R
N×q is pseudo-Lipschitz of order

k, the components f t
i : RN×q → R

q are pseudo-Lipschitz of order k as well. So are the functions
f t
i,j : RN×q → R for 1 6 j 6 q generating each component of f t

i (Z
t) ∈ R

q and their R
q → R

restrictions to the i− th line of Zt. Then

‖bt‖F 6
1

N

N∑

i=1

qmax
j

{

E‖∇Zt
i
f t
i,j(Z

t)‖2
}

(137)

where maxj

{

E‖∇Zt
i
f t
i,j(Z

t)‖2
}

is bounded using the pseudo-Lipschitz property and a similar argu-

ment to the proof of lemma 16. Let CJ be this upper bound, then

1√
N
‖MǫY,t−1(bt

ǫY)⊤ −Mt−1(bt)⊤‖F 6 qCJh
′
t−1(ǫ) +

1√
N
‖Mt−1‖F ‖bt

ǫY − bt‖F (138)

Using the same decomposition as before

1√
N
‖Mt−1‖F ‖bt

ǫY − bt‖F 6

(
1√
N
‖MǫY,t−1 −Mt−1‖+ 1√

N
‖MǫY,t−1‖

)

‖bt
ǫY − bt‖F

6
(
h′t−1(ǫ) + CǫY,t−1

)
‖bt

ǫY − bt‖F (139)

The definition of the Onsager correction terms gives

‖bt
ǫY − bt‖F =

∥
∥
∥
∥
∥
E

[

1

N

N∑

i=1

∂f t
i

∂Z̃ǫY,t
i

(Z̃ǫY,t)

]

− E

[

1

N

N∑

i=1

∂f t
i

∂Z̃t
i

(Z̃t)

]∥
∥
∥
∥
∥
F

(140)

where Z̃ǫY,t = Z(κǫY
t,t )

1/2 where Z ∈ R
N×q is an i.i.d. standard normal matrix. Similarly Z̃t =

Z(κt,t)
1/2. Using the positive definiteness of κt,t along with Lemma 12, we can write, keeping in
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mind that the perturbation ǫY doesn’t change the derivatives in the Onsager correction:

‖bt
ǫY − bt‖F = ‖(κt,t

ǫY)−1E

[
1

N
(Z̃ǫY,t)⊤f t(Z̃ǫY,t)

]

− (κt,t)−1E

[
1

N
(Zt)⊤f t(Zt)

]

‖F

6 ‖(κt,t
ǫY)−1 − (κt,t)−1‖FE

[
1

N
(Z̃ǫY,t)⊤f t(Z̃ǫY,t)

]

+

((κt,t)−1)‖E
[
1

N
(Z̃ǫY,t)⊤f t(Z̃ǫY,t)

]

− E

[
1

N
(Zt)⊤f t(Zt)

]

‖F

The function R
N×q → R

q×q,Z → Z⊤f t(Z) is pseudo-Lipschitz of order k + 1. Moreover, from
Lemma 8, κt,t

ǫY −−→ǫ→0
κt,t. Thus using Lemma 9, we get

lim
ǫ→0
‖E
[
1

N
(Z̃ǫY,t)⊤ft(Z̃

ǫY,t)

]

− E

[
1

N
(Zt)⊤ft(Z

t)

]

‖F = 0 (141)

and Lemma 10 gives limǫ→0‖(κǫY
t,t )
−1 − (κt,t)

−1‖F = 0, which concludes the induction.

D Useful definitions and probability lemmas

In this section, we compile useful definitions and lemmas that appear throughout the proof. Most
of those results are finite-width matrix generalizations of those appearing in [BMN20] and some are
the same.

Proposition 1. (Norm of matrices with Gaussian entries [Ver18]) Let Y be an M ×N random
matrix with independent N(0, 1) entries. Then, for any t > 0, we have:

P

(

‖Y‖F 6 C
(√

M +
√
N + t

))

> 1− 2 exp(−t2) (142)

where C is an absolute constant.

Proposition 2. (Operator norm of GOE(N) [BLM13])
Consider a sequence of matrices A ∼ GOE(N). Then ‖A‖op → 2 almost surely as N →∞.

Proposition 3. (Gaussian Poincaré inequality [BLM13])
Let Z ∈ R

N be a N(0, IN ) random vector. Then for any continuous, weakly differentiable ϕ, there
exists a constant c > 0 such that:

Var[ϕ(Z)] 6 cE
[
‖∇ϕ(Z)‖22

]
(143)

The next result is a matrix version of Gaussian integration by parts, or Stein’s lemma.

Lemma 12. (Stein’s lemma, matrix version) Let (Z1,Z2) ∈
(
R
N×q)2 be two N(0,κ⊗ IN ) random

vectors, where κ ∈ R
(2q)×(2q).

κ =

[
κ11 κ12

κ12 κ22

]

(144)

Consider an almost everywhere differentiable function f : RN×q → R
N×q. For any Z ∈ R

N×q we
can write:

f









Z11, ...,Z1q

...
Zn1, ...,Znq







 =





f1(Z)
...

fn(Z)



 =





f1
1 (Z), ...f

q
1 (Z)

...
f1
n(Z), ..., f

q
n(Z)



 (145)
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Then

E

[

(Z1)
⊤f(Z2)

]

= κ1,2

(
N∑

k=1

E

[
∂fk(Z2)

∂Zk

])⊤

(146)

where ∂fk(Z2)
∂Zk

∈ R
q×q is the Jacobian containing the partial derivatives of fk w.r.t. the line Zk ∈ R

q.

Proof.

E

[

(Z1)
⊤f(Z2)

]

ij
=

N∑

k=1

E [((Z1)kifkj(Z2)]

=

N∑

k=1

q
∑

l=1

E[Z1
kiZ

2
kl]E

[
∂fkj

∂(Z2)kl
(Z2)

]

since (Z1,Z2) ∼ N(0,κ ⊗ IN )

=

q
∑

l=1

(κ12)il

N∑

k=1

E

[
∂fkj

∂(Z2)kl
(Z2)

]

=

q
∑

l=1

(κ12)il

(
N∑

k=1

E

[
∂fk(Z2)

∂Zk

])

jl

=



κ12

(
N∑

k=1

E

[
∂fk(Z2)

∂Zk

])⊤




ij

(147)

where the second step is obtained by iteratively conditioning on the entries of Z2 and applying one
dimensional Gaussian integration by parts, see e.g. [Ver18] Lemma 7.2.5.

Definition 4 (pseudo-Lipschitz function). For k ∈ N
∗ and any N,m ∈ N

∗, a function Φ : RN×q →
R
m×q is said to be pseudo-Lipschitz of order k if there exists a constant L such that for any x,y ∈

R
N×q,

‖Φ(x)− Φ(y)‖F√
m

6 L

(

1 +

(‖x‖F√
N

)k−1
+

(‖y‖F√
N

)k−1
)

‖x− y‖F√
N

(148)

A family of pseudo-Lipschitz functions is said to be uniformly pseudo-Lipschitz if all functions
of the family are pseudo-Lipschitz with the same order k and the same constant L.

We now remind useful properties of pseudo-Lipschitz functions from [BMN20].

Lemma 13. Let k be any positive integer. Consider two sequences f : RN → R
N , N > 1 and

g : RN → R
N , N > 1 of uniformly pseudo-Lipschitz functions of order k. The sequence of functions

ΦN : RN × R
N → R, N > 1 such that ΦN (x,y) = 〈f(x), g(y)〉 is uniformly pseudo-Lipschitz of

order 2k.

Lemma 14. Let t,s and k be any three positive integers. Consider a sequence (in N) of x1,x2, ...,xs ∈
R
N such that 1√

N
‖xj‖ 6 cj for some constant cj independent of N, for j = 1, ..., s and a sequence

of order-k uniformly pseudo-Lipschitz functions ϕN : (RN )t+s → R. The sequence of functions
φN (.) = ϕN (.,x1,x2, ...,xs) is also uniformly pseudo-Lipschitz of order k.

Lemma 15. Let t be any positive integer. Consider a sequence of uniformly pseudo-Lipschitz
functions ϕN : (RN )t → R of order k. The sequence of functions ΦN : (RN )t → R such that
ΦN(x1,x2, ...,xt) = E [ϕN (x1, ...,xt−1,xt + Z)], in which Z ∼ N(0, aIN ) and a 6 0, is also uni-
formly pseudo-Lipschitz of order k.
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We now state a result on Gaussian concentration of matrix-valued pseudo-Lipschitz functions.
This is an extension to the matrix case (of finite width) of Lemma C.8 from [BMN20].

Lemma 16. Let Z ∼ N(0,κ ⊗ IN ) where κ ∈ S+q . Let ΦN : RN×q → R be a sequence of random
functions, independent of Z, such that P(EN ) → 1 as N → ∞, where EN is the event that ΦN is
pseudo-Lipschitz of (deterministic) order k with (deterministic) pseudo-Lipschitz constant L. Then

ΦN(Z)
P≃ E[ΦN (Z)].

Proof. First, it is straightforward to see that

ΦN (Z) = ΦN (Z̃κ1/2) = Φ̃N (Z̃) (149)

where Z̃ ∈ R
N×q is an i.i.d. standard normal matrix, and Φ̃N = ΦN (.κ1/2). Since ‖κ‖op is bounded

for all N, Φ̃ is also pseudo-Lipschitz of order k, with constant Lmax(‖κ‖1/2op , ‖κ‖k/2op ). Φ̃N can then
be considered as a function acting on a vector of size N×q with i.i.d. standard normal components.
The proof is then identical to that of Lemma C.8 from [BMN20] with an additional finite factor q.
We remind this proof for completeness. Under EN , using the definition of pseudo-Lipschitz functions
and proposition 3:

EZ

[
‖∇ΦN (Z)‖22

]
6

L2

Nq
EZ





(

1 + 2

(
1√
Nq
‖Z‖2

)k−1
)2


 6
L2

Nq
C(k) (150)

for a constant C(k) that only depends on k. Then for any ǫ > 0, there exists a constant c > 0,
independent of N , such that:

P{|ΦN (Z)− EZ[ΦN (Z)]| > ǫ} 6 E{P{|ΦN (Z)− EZ[ΦN (Z)]| > ǫ}IEN }+ P(ĒN )

6
Var [ΦN (Z)]

ǫ2
+ P(ĒN )

6
L2C(k)

Nqǫ2
+ P(ĒN ) (151)

where the second and third line are obtained by applying Chebyshev’s inequality and proposition 3
with the variance bound evaluated at Eq.(150).

The next lemmas are matrix generalizations of the ones used in [BMN20].

Lemma 17. Consider a sequence of matrices A ∼ GOE(N) and two sequences of non-random
matrices, U,V ∈ R

N×q such that the columns of U and V verify ‖Ui‖2 = ‖Vi‖2 =
√
N . Under

this hypothesis, define the finite quantity G = limN→∞
1
NU⊤U, the limiting Gram matrix of the

columns of U. We then have:

a) 1
NV⊤AU

P−−−−→
N→∞

0q×q and 1
N ‖V⊤AU‖F P−−−−→

N→∞
0.

b) Let P ∈ R
N×N be a sequence of non-random projection matrices such that there exists a

constant t that satisfies, for all N, k=rank(P)6 t. Then 1
N ‖PAU‖2F

P−−−−→
N→∞

0.

c) There exists a sequence of random matrices Z ∈ R
N×q, such that 1

N ‖AU − Z‖2F
P−−−−→

N→∞
0

where Z ∼ N(0,G⊗ IN ).
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d) 1
N (AU)⊤AU

P−−−−→
N→∞

G.

Proof. In this proof, the i-th line of a given matrix Z is denoted Zi and its j-th column Zj.

a) For any 1 6 i, j 6 q, the i-th element of the j-th column verifies:

1

N
(V⊤AU)ji =

1

N
(Vi)⊤AUj

=
1

N
(Vi)⊤HUj +

1

N
(Vi)⊤H⊤Uj (152)

where H is a matrix with i.i.d. N(0, 1
2N ) elements. The random variable 1

N (Vi)⊤HUj is
centered Gaussian with variance

1

N2

N∑

k,l=1

(Vi
k)

2(Uj
l )

2 1

2N
=
‖Vi‖22‖Uj‖22

2N3
=

1

2N
→ 0 (153)

which shows that 1
N (Vi)⊤HUj converges in probability to zero. A similar argument shows

that 1
N (Vi)⊤H⊤Uj also converges in probability to zero. The union bound then immediately

gives that 1
N (V⊤AU)ji

P−−−−→
N→∞

0. Thus each element of the finite size q × q matrix 1
NV⊤AU

goes to zero. Since q is finite, the union bound then gives the desired result on the Frobenius
norm.

b) For any 1 6 i 6 q:
1

N
(PAU)i =

1

N
(PAUi) (154)

Now let v1, ...,vk be an orthogonal basis of the image of P, such that ‖v1‖ = ... = ‖vk‖ =
√
N ,

and V ∈ R
N×t the matrix of concatenated v. Note that k can depend on N, but k is uniformly

bounded by t. Then, using point (a) and the fact that q and k are finite for all N :

1

N
‖PAU‖2F =

1

N
‖V⊤AU‖ P−−−−→

N→∞
0 (155)

This proves point (b).

c) The matrix AU is a R
N×q correlated Gaussian matrix. For any two columns Ul,Um, the vec-

tor (AUl,AUm) is a Gaussian vector with zero mean, whose covariance matrix has elements:

E

[(

AUl
)

(AUm)⊤
]j

i
= E

[(

AUl
)

i
(AUm)j

]

= E

[
N∑

k=1

Ak
iU

l
k

N∑

k′=1

Ak′
j U

m
k′

]

= E

[
∑

k,k′

Hk
iH

k′
j U

l
kU

m
k′ +Hk

iH
j
k′U

l
kU

m
k′ +Hi

kH
k′
j U

l
kU

m
k′ +Hi

kH
j
k′U

l
kU

m
k′

]

=
1

N

(

δij
∑

k

Ul
kU

m
k +Ul

iU
m
j

)

(156)
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which gives the block

E

[(

AUl
)

(AUm)⊤
]

=
1

N
(Ul)⊤UmIN +

1

N
Ul(Um)⊤ (157)

and the covariance matrix

Σ =

[

IN + 1
NUl(Ul)⊤ (Ul)⊤Um

N IN + 1
NUl(Um)⊤

(Ul)⊤Um

N IN + 1
NUm(Ul)⊤ IN + 1

NUm(Um)⊤

]

(158)

and in turn the following covariance matrix for the joint law of the q vectors AU1, ...,AUq .

















IN + 1
N

U
1(U1)⊤ ... ... ...

(U1)⊤U
q

n
IN + 1

N
U

1(Uq)⊤

... ... ... ... ...

...
(Ui−1)⊤U

i

N
IN + 1

N
U

i(Ui−1)⊤ IN + 1
N

U
i(Ui)⊤

(Ui)⊤U
i+1

N
IN + 1

N
U

i(Ui+1)⊤ ...

... ... ... ... ...

(Uq)⊤U
1

N
IN + 1

N
U

q(U1)⊤ ... ... ... IN + 1
N

U
q(Uq)⊤

















which can be rewritten

Σ =
1

N
U⊤U⊗ IN +

1

N









U1(U1)⊤ ... ... ... U1(Uq)⊤

... ... ... ... ...

... Ui(Ui−1)⊤ Ui(Ui)⊤ Ui(Ui+1)⊤ ...

... ... ... ... ...
Uq(U1)⊤ ... ... ... Uq(Uq)⊤









=
1

N
U⊤U⊗ IN +

1

N
ŨŨ⊤ (159)

where Ũ ∈ R
Nq is the vector of vertically concatenated columns of U. Now consider two

independent N(0, INq) vectors Z̃1, Z̃2 and Ṽ ∈ R
Nq the vector of vertically concatenated

columns of AU. We can write that the quantity:

‖Ṽ −
(
1
NU⊤U⊗ IN

)1/2
Z̃1‖2√

N
(160)

is distributed as

‖( 1
NU⊤U⊗ IN )1/2Z̃1 + ( 1

N ŨŨ⊤)1/2Z̃2 − ( 1
NU⊤U⊗ IN )1/2Z̃1‖2√

N
=

1

N
√
N
‖ŨŨ⊤Z̃2‖2

=

√
q

N
|Ũ⊤Z̃2| P−−−−→

N→∞
0

(161)

where the last convergence follows from the fact that 1
N Ũ⊤Z̃2 is a centered Gaussian random

variable with variance ‖Ũ‖22/N2 = q/N , where q is kept finite. This concludes the proof of
point (c).

d) The function Φ : RN×q → R,X → 1
NX⊤X is pseudo-Lipschitz of order 2. A straightforward

calculation shows that, for any Z ∼ N(0,G⊗ IN ), we have E[φ(Z)] = G. Then :

P (‖Φ(AU)− E[Φ(Z)]‖F > ǫ) 6 P (‖Φ(AU) − Φ(Z)‖F > ǫ) + P (‖Φ(Z)− E[Φ(Z)]‖F > ǫ)
(162)
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the second term on the right-hand side vanishes as N →∞ using the Gaussian concentration
of matrix-valued pseudo-Lipschitz functions Lemma 16, and the first term vanishes using the
definition of pseudo-Lipschitz function and the statement (c) proven above. This concludes
the proof of statement (d).

E Detailed mappings for the asymmetric AMP

The purpose of this appendix is to provide intuition on two important points for practical appli-
cations of Theorem 1: how is an AMP iteration related to the solution of a given inference or
optimization problem, and how the SE equations formulated here can be used to exactly recover
those originally derived (heuristically) in the literature. Although the first point in its full generality
goes beyond the scope of this paper, we propose a straightforward, self-contained way of finding the
update functions of GAMP [Ran11] from an optimization point of view, giving a concrete example
where pseudo-Lipschitz regularity conditions are met and the relation between AMP iterates and
an estimator are explicit. Regarding the second point, the results of [JM13] already prove the SE
equations derived heuristically in [Ran11], although the exact mapping is not given. In particular,
it is not straightforward to understand from the main result of [JM13] how the SE equations may be
used to evaluate the reconstruction performance of AMP iterates w.r.t. a given generative model (or
teacher). We propose a decomposition that allows to explicitly recover the equations from [Ran11]
and contains intuition adaptable to more complex cases.

E.1 Asymmetric AMP for convex generalized linear modelling

Recall the convex GLM problem with a design matrix A ∈ R
M×N :

x̂ ∈ argmin
x∈RN

g(Ax,y) + f(x),

where y contains given labels and f, g are convex functions. The optimality condition for this
problem reads:

A⊤∂g(Ax,y) + ∂f(x) = 0.

For any strictly positive constants γ1, γ2, γ3, we can equivalently write:

γ2A
⊤Ax+ γ3x+ γ1

(

A⊤∂g(Ax,y) + ∂f(x)
)

= γ2A
⊤Ax+ γ3x,

⇐⇒ γ2A
⊤(Ax+

γ1
γ2

∂g(Ax,y)) + γ3

(

x+
γ1
γ3

∂f(x)

)

= γ2A
⊤Ax+ γ3x.

Define the variables

ũ = x+
γ1
γ3

∂f(x) ṽ = Ax+
γ1
γ2

∂g(Ax,y), (163)

such that x = prox γ1
γ3

f (ũ) Ax = prox γ1
γ2

g(ṽ), (164)

which are one-to-one mappings, see [BC+11]. This leads to the following optimality condition

γ2A
⊤
(

prox γ1
γ2

g − IM

)

(ṽ) = γ3

(

IN − proxγ1
γ3

f (.)
)

(ũ), (165)

Aprox γ1
γ3

f (ũ) = prox γ1
γ2

g(ṽ), (166)
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Now recall the asymmetric AMP iteration, using the notations of [BMN20] discussed in Appendix A,

ut+1 = A⊤ht(vt)− dtet(u
t),

vt = Aet(ut)− btht−1(vt−1),

the fixed point of which reads

(IN + de(.)) (u) = A⊤h(v), (167)

(IM + bh(.)) (v) = Ae(u), (168)

where we omit the time indices for simplicity. Matching Eq.(165)-(166) to Eq.(167)-(168) prescribes:

h(v) = γ2

(

prox γ1
γ2

g(.)− IN

)

(ṽ),

e(u) =
1

d

(

γ3

(

Id− prox γ1
γ3

f (.)
)

(ũ)− ũ
)

,

e(u) = prox γ1
γ3

f (ũ),

h(v) =
1

b

(

prox γ1
γ2

g(.)− IM

)

(ṽ),

Taking γ2 =
1
b , γ3 = −d,v = ṽ,u = γ3ũ:

h(v) =
1

b

(

proxbg(.,y)(.)− IM

)

(v),

e(u) = prox−γ1
d

f
(
−u
d

),

which are the functions appearing in [Ran11] when applying GAMP to a convex optimization
problem, see also [AKLZ20]. Using the Lipschitz regularity of the proximal operators, the state
evolution equations on the iterates ut,vt and the mappings Eq.(163-164), we can recover the high-
dimensional statistical properties of the estimator x̂t given by the AMP iteration at each time-step,
notably the state evolution equation on the overlap m = 1

dx
⊤
0 x̂. We develop on this in the next

subsection.

E.2 Conditional decomposition on the planted model

We now show how to deal with planted models involving a data or measurement matrix appearing
in both the generative model and the learner, i.e.,

x̂ ∈ argmin
x∈RN

g(Ax,y) + f(x),

where y = φ(Ax0).

An additional decomposition must be performed to recover the usual state evolution equations
found in, e.g., [Ran11, KMS+12, ZK16]. We perform a conditional decomposition on the matrix A
to isolate components independent on y, which gives

A = E [A|y] +A− E [A|y] = E [A|Ax0] + (A− E [A|Ax0]) , (169)
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since conditioning on y is equivalent to conditioning on Ax0. Using the same expression for condi-
tional Gaussian decompositions as used in Lemma 3, we can write:

E [A|Ax0] = APx0 A− E [A|y] = ÃP⊥x0
, (170)

where Px0 =
x0x

⊤
0

‖x0‖22
and P⊥x0

= IN −Px0 , (171)

and Ã is a copy of A independent of y. Introducing the variable (order parameter or overlap in
statistical physics) m = 1

dx
⊤
0 x and ρ = 1

d‖x0‖22, we get the reformulation

inf
x,m

g(
m√
ρ
s+ ÃP⊥x0

x) + f(
m

ρ
x0 +P⊥x0

x), (172)

where s = A x0
‖x0‖ is an i.i.d. N(0, 1) vector. Introducing the variable x̃ = P⊥x0

x and a Lagrange
multiplier ν to enforce the orthogonality constraint, the problem can be equivalently reformulated
as

inf
x∈RN ,m

sup
ν

g(
m√
ρ
s+ ÃP⊥x0

x) + f(
m

ρ
x0 + x̃)− νx⊤0 x̃, (173)

Under mild conditions, this problem is feasible and strong duality can be used to invert the order
of the inf-sup, to obtain

inf
m

sup
ν

inf
x̃∈RN

g(
m√
ρ
s+ ÃP⊥x0

x) + f(
m

ρ
x0 + x̃)− νx⊤0 x̃. (174)

What we have gained from these manipulations is a formulation in terms of a matrix Ã that is
independent on the other variables of the problem, allowing a fully rigorous and explicit application
of the state evolution theorem. Focusing on the optimization problem on x̃, we write

inf
x̃∈RN

g̃(Ãx̃) + f̃(x̃), (175)

where we defined g̃(.,y) = g( m√
ρs + .,y) and f̃(.) = f(mρ x0 + .) − νx⊤0 ., which are still convex

functions. Working on the minimization problem defining the proximal operators, we get:

proxγ1g̃(.)(u) = proxγ1g(.)

(
m√
ρ
s+ u

)

− m√
ρ
s, (176)

proxγ2f̃(.)(v) = proxγ2f(.)

((
m

ρ
+ γ2ν

)

x0 + v

)

− m

ρ
x0, (177)

for any strictly positive constants (γ1, γ2). The algorithm then reads [Ran11, ZK16]

Initialize: β0,u0, e0(.),h
−1 = 0,

Iterate:

αt = − 1

〈h′t(vt)〉 βt = 〈e′t−1(ut−1)〉,

ht(.) =
1

βt

(

proxβtg̃(.,y) − Id
)

(.) et(.) = proxαt f̃(.)

(
αt.
)
,

ut+1 = A⊤ht(vt)− 〈(ht)′〉et(ut),

vt = Aet(ut)− 〈(et)′〉ht−1(vt−1),
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The state evolution theorem then prescribes the Gaussian fields describing the distribution of the
iterates ut,vt in the pseudo-Lipschitz sense. This gives four equations for the variances and Onsager
reaction terms, and a fifth one for mt using its definition. To get the explicit expression for νt from
the last expression, we use the property of the proximal operator

∀ γ > 0 proxγf (x) + γ∂f(proxγf (x)) = x, (178)

to obtain

mt

ρ
+ αtνt =

mt

ραt
− s⊤√

ρβt

(

(
mt

ρ
s+

√

κt1h)− proxβtg(.)

(
mt

√
ρ
s+

√

κt1g

))

, (179)

Rewriting ν̃t = mt

ρ + αtνt and remembering the definitions of the update functions, we get:







κt+1
1 = 1

dE

[

‖et(ν̃tx0 +
√

κt2h)‖22
]

,

mt+1 = 1
dE

[

x⊤0 prox
t
αtf(.)

(

αt
(

ν̃tx0 +
√

κt2h
))]

,

βt+1 = 1
dE

[

(et)
′

(ν̃tx0 +
√

κt2h)
]

,







κt2 =
1
dE

[

‖ht(m
t√
ρs+

√

κt1g))‖22
]

,

ν̃t = mt

ραt +
1
dE

[
s⊤√
ρh

t(m
t√
ρs+

√

κt1g)
]

,

αt = −1
dE

[
1
βt (h

t)
′

(m
t√
ρs+

√

κt1g)
]

which are the usual six SE equations appearing in GAMP [Ran11, ZK16, AKLZ20], when applied to
the convex optimization case. As mentioned before, the theorem of [JM13] is (more than) enough to
prove the result, however the explicit mapping detailing the isolation of independent components was
not given. Provided a converging trajectory of the appropriate AMP can be systematically found,
the fixed point of the state evolution equations characterize the performance of the estimator, see,
e.g., [BM11b, DM16] or the more recent [LSG+21].

Comment on matrix-valued variables All the manipulations done above can be reproduced
with matrix-valued variables, matrix Lagrange multipliers and matrix proximal operators. For more
detail on how to appropriately map the matrix update functions to proximity operators, see the
Appendix of [LSG+21].
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